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997: 
PROBABILITY Basu, D. The family of ancillary statistics. Sankhyé 


See also A844, A845, A935, 1457, 1473, 1474. 


994: 

Gnedenko, B. V. Investigations on the theory of 
probability and mathematical statistics in the system of the 
Academy of Sciences of the Ukrainian SSR. Ukrain. Mat. 
Z. 11 (1959), 123-136. (Russian. English summary) 

Author’s summary : “A brief review is presented of the 
trends of investigations on the theory of probability and 
mathematical statistics developed at the Academy of 
Sciences of the Ukrainian SSR.” 


995: 

Good, I. J. Kinds of probability. Science 129 (1959), 
443-447. 

A brief, ing exposition of the philosophy of 
probability with some reference to its historical develop- 
ment. The subjectivistic view of probability is stressed, 
but others views are treated with understanding. 

L. J. Savage (Ann Arbor, Mich.) 


996 : 

Kac, Mark. Statistical independence in probability, 
analysis and number . The Carus Mathematical 
Monographs, No. 12. Published by the Mathematical 
Association of America. Distributed by John Wiley and 
Sons, Inc., New York, 1959. xiv+93 pp. $3.00. 

The author states in the preface that his aim is to show 
that (a) extremely simple observations are often the 
starting point of rich and fruitful theories and (b) many 
seemingly unrelated developments are in reality variations 
on the same simple theme.” This aim is achieved in the 
most instructive way. 

The central theme is the concept of statistical independ- 
ence, to which are devoted four chapters out of five; 
viz.: Chapter 1 “From Vieta to the notion of statistical 
independence”, Chapter 2 “Borel and after’, Chapter 3 
“The normal law” and Chapter 4 “Primes play a game 
of chance”. A large number of propositions in analysis and 
number theory are thus closely related by means of the 
notion of statistical independence. Chapter 5, entitled 
“From kinetic theory to continued fractions”, is centered 
about the ergodic problem. The discussion in physical 
terms leads to the ergodic theorem and its application to 
continued fractions. 

Many problems throughout the book provide other 
applications to analysis and number theory. Bibliographi- 
cal indications allow the reader to pursue further the study 
of the ideas and methods. The book is written in the 
inimitable style of the author. It ought to be put in the 
hands of every graduate student in mathematics. 

M. Lotve (Berkeley, Calif.) 


21 (1959), 247-256. 

The concepts related to “ statistics” are for- 
mulated in terms of sets and sub o-fields of the sample 
space. Let (%, 8, @) be a measurable space with a set of 
measures indexed by Ae ® is ancillary if P,(A) is 
constant with respect to @, and a o-field F is ancillary if 
A € § implies A is ancillary. An ancillary o-field, ®, is 
maximal if there does not exist any other ancillary o-field, 
M*, such that MC M*. The intersection of all the maximal 
ancillary o-fields is called the laminal ancillary. Numerous 
ae are ~— on the structure of maximal ancillary 
o-fields and the laminal ancillary. These concepts are 
related to sufficient o-fields. 

I. R. Savage (Minneapolis, Minn.) 
998 : 

Barton, D. E.; David, F. N. A collector’s problem. 
Trabajos Estadist. 10 (1959), 75-88. (Spanish summary) 

Two general problems are studied. Given N identical 
compartments and a control box, all unlimited in capacity, 
let the probability that a ball dropped at random will fall 
in a particular compartment be 1/(N +C) and that it will 
fall in the control box be C/(C +’). In the first problem a 
fixed number, n, of balls are dropped independently and 
the probability is sought that n —j will fall into the control 
box and j into the compartments so that K are empty and 
N-—K are occupied. This is given and it is also summed to 
give the probability that K compartments be empty with 
at least n—6 in the control box. The factorial moments of 
K in both cases are found. The second problem, treated 
more extensively, arises when n is the random variable, 
being the number of balls dropped independently, one at 
a time, until there are at least N—K occupied compart- 
ments and 6 in the control box or there are exactly WN —K 
occupied compartments and at least 6 in the control box. 
The distribution of n is given and two applications of 
special cases are noted. A method of finding moments of n 
is developed and then applied in special cases. It is found 
that for increasing N two types of asymptotic distributions 
of » result: The normal if the number of unoccupied 
compartments is a fixed proportion of the total number 
and a double exponential form when the number of empty 
compartments is fixed. For the case of no empty compart- 
ments (K=0) and at least } in the control box, upper 
5% points for n are tabled for b= 1(1)12 and N =1(1)12. 

C. C. Craig (Ann Arbor, Mich.) 


999: 

Vincenz, 8. A.; Bruckshaw, J. McG. Note on the prob- 
ability distribution of a small number of vectors. Proc. 
Cambridge Philos. Soc. 56 (1960), 21-26. me 

Let W,, be the sum of » independently and isotropically 
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1000-1005 


distributed 3-dimensional vectors of fixed equal length. 
The authors find an integral recursion formula expressing 
the distribution of W,+; in terms of that of W,. Explicit 
formulas for the density are given for 1<n<8, and a 
table of 5% and 1% one-tail significance values is given, 
3an8. D. A. Darling (Ann Arbor, Mich.) 


1000: 

Fuchs, A. Sur Pi de Slutsky. Publ. Inst. 
Statist. Univ. Paris 8 (1959), 161-163. 

Two elementary inequalities prq%(x+y), 
px+qy, where x, y, p, q are positive and p+q=1, lead at 
once to the so-called Slutsky inequality 


and the inequality 
r 8 


where r, 8 are positive and X, Y are random variables. 
The two right-hand bounds are then compared. 
M. Loéve (Berkeley, Calif.) 


1001: 

Hatori, Hirohisa. Some theorems in an extended re- 
newal theory. I. Kédai Math. Sem. Rep. 11 (1959), 139- 
146. 

Let X;, Xe, --- be non-negative independent random 
variables, not necessarily identically distributed (in this 
way the older renewal theorems are extended). Suppose 
there is a constant L such that Ls 
3, Also the limit of (a2+-- 
+4,)/(n—1)=as © is assumed t to exist. Let N(t) be the 
number of sums X;, X:+Xe, --- that are less than ¢. 
Theorem : 


P{ tim x} = 1, lim = 


for «>0. The proof of the result about N(t)/t is based 
directly on the strong law of large numbers. Let X(t)= 
t- X, if N(@)21, X(t)=Xo+t if N(t)=0. If in addi- 
tion to the above conditions the limit 6 = lim 2? + --- + 
EX,"\/(n—1) exists and > i-* Var (X;*)< 00, then the 
following result is stated : 


It is stated that this result can be proved by methods used 
to prove the result of Doob that it generalizes [Trans. 
Amer. Math. Soc. 63 (1948), 422-438; MR 9, 598]. If 
a<oo and o(log log n/n)/2 and 
if the random variables X2—a2, X3—4s3, obey the law 
of the iterated logarithm, then 


im — t/a] 
(2¢ log log #)1/2 


where B=lim sup (02? + - - +o?)/(n—1). 
T. E. Harris (Santa Monica, Calif.) 


PROBABILITY 


1002: 

Epstein, Benjamin. Elements of the theory of extreme 
values. Technometrics 2 (1960), 27-41. 

This is an expository paper dealing with theory of 
extremes for independent identically distributed random 
variables. The emphasis is-on the asymptotic behavior 
and numerous examples are used to illustrate the limiting 
properties. G. Newell (Providence, R.I.) 


1003 : 

Barra, Jean-René. Extension du théoréme de Von 
Mises 4 certaines classes de lois de probabilité sur R* et 
plus généralement sur un espace de Riesz. C. R. Acad. 
Sci. Paris 250 (1960), 52-54. 

Von Mises obtained the unique limit law of the random 
variable W,={ (F,—F)*dF as h->oo, where F, are the 
empirical distribution functions corresponding to one- 
dimensional continuous distribution functions F. The 
author extends this result to classes of probability laws in 
the n-dimensional case and in the case of Riesz spaces. 
No proofs are given. M. Loéve (Berkeley, Calif.) 


1004: 

Shapiro, H. 8.; Silverman, R. A. Some spectral pro- 
perties of ted random processes. Trans. I. RE E. 
IT-5 (1959), 123-128. 

Let f (w) and k(w) be nonnegative integrable functions 
(with {_.” k(w) = 1). It is shown that if f is slowly varying 
(i. e., log f is a slowly oscillating function) and nonincreas- 
ing for sufficiently large w with limy.. k(w)/f(w) =0, then 
limy—+« y(w)/f(w)=1, where y is the convolution of k and 
f. Let x(t) be weakly stationary with mean zero. The result 
stated above and allied results are used to find conditions 
under which the mean square high frequency behavior of 
a(t) and y(t) = f_. are the same. 

M. Rosenblatt (Providence, R.1.) 


1005: 

Doob, J. L. A Markov chain theorem. Probability 
and statistics: The Harald Cramér volume (edited by Ulf 
Grenander), pp. 50-57. Almqvist & Wiksell, Stockholm; 
John Wiley & Sons, New York; 1959. 434 pp. $12.50. 

Let {x} be a Markov process ‘with the transition prob- 


ability function p(-,-). Let h be regular, namely, 
hn)p(E, dy); and be super-regular, namely, it 
satisfies a similar relation with “=” replaced by “<”. 


Define a new Markov process {Z,} with the transition 
function 


A) = p(é, dn)A(n). 


Then u(Z,)/h(Z,) is a supermartingale (lower semimartin- 
gale) if the appropriate expectations are finite. Applying 
this idea to a Markov chain {zp,} with initial state b and 
stationary transition probabilities p‘)(-, -) in the usual 
notation, the author proves that for any integer m, 


(6, Zon) 
noo Pb, Zon) 
exists and is finite with probability one. More precisely, 
the martingale idea is applied to the space-time reverse 
Markov process conditioned on or 
K. L. Chung (Syracuse, N.Y.) 


STATISTICS 


1006 : 

Feller, William. Non-Markovian processes with the 
semigroup Ann. Math. Statist. 30 (1959), 
1252-1253. 

A simple example is given of a non-Markovian process 
with a finite number of states at a fixed time whose transi- 
tion probabilities satisfy the Chapman-Kolmogorov equa- 
tion. The first example of a non-Markovian process (with 
a continuous state space) whose transition probabilities 
satisfy the Chapman-Kolmogorov equations was given by 
P. Lévy [C. R. Acad. Sci. Paris 228 (1949), 2004-2006 ; 
MR 11, 120]. In the author’s example the random variables 
are also pairwise independent. A modification of P. Lévy’s 
original example also has all these properties. The modifica- 
tion runs as follows. Let Y(n) be second order Markovian 
with transition mechanism given by 

P(Y(n) = tn| ¥(n—1) = ¥(n—2) = 
= (1/m){1 — 08 [(2e/m)(2u — uo)]} 
and initial distribution P( Y(0)=wo, Y(1) =1/m? with 
u=0, 1, ---,m—1. If m>3 the process is not first order 
Markovian but the first order transition probabilities 
satisfy the Chapman-Kolmogorov equation. Feller also 
gives an example of a continuous time parameter process 
with similar properties. M. Rosenblatt (Providence, R.I.) 


1007: 

Ghosal, A. On the continuous of Holdaway’s 
problem for the finite dam. Austral. J. Appl. Sci. 10 
(1959), 365-370. 

The author solves the equations for the stationary 
distribution of water content in a dam when time is taken 
as discrete, the inputs are independent and distributed in 
negative exponential distributions, and the release rule, 
depending on the previous content, is of a somewhat 
complicated type. P. A. P. Moran (Oxford) 


1008 : 

Nasr, 8. K. A note on a noise process. Metrika 3 
(1960), 46-52. (German summary) 

The of stochastic differential equations <(t)= 
Azx(t) + e(t) can be transformed into the system of stochas- 
tic difference equations 2z(¢+1)= Bx(t)+A(t), where B= 
M-eM, d is a diagonal matrix similar to A, MAM-!=), 
y=M-—)-\(e'—I)M. Then the methods of 

Mann and A. Wald [Econometrica 11 (1943), 
170-400; MR 5, 129] can be applied for the estimation of 


__/the elements of B and hence of A. The conditions are the 


following. (1) The nonautocorrelated and not serially 
correlated random variables ¢(¢) have a variance-covari- 
ance matrix whose determinant is not zero. (2) All mo- 
ments of these random variables are finite. (3) The latent 


roots of the matrix A are negative. 
G. Tintner (Calcutta) 


1009: 

Slepian, D. On the detection of Gaussian signals in 
Gaussian noise. Nuovo Cimento (10) 13 (1959), supple- 
mento, 583-587. 

Consider a stationary, Gaussian stochastic with 
mean values zero and spectral densities p(f) and ga(f) 
respectively under the two hypotheses H, and Hz. Let 
the asymptotic form of the densities be pa(f)~ 
af-2™ and If or if p=0 but 


the author gives an explicit test criterion, based on a sum 
of squared differences, ensuring perfect detection (separa- 
tion of the hypotheses with probability one). 

U. Grenander (Stockholm) 


STATISTICS 
See also 994, 1077, 1436. 
1010: 

Fréchet, Maurice. Sur les tableaux de corrélation dont 
les et des bornes sont données. II. Ann. Univ. 
Lyon. Sect. A (3) 21 (1958), 19-32. 

' Part I [ same Ann. (3) 20 (1957), 13-31; MR 20 #6168] 
gave a necessary and sufficient condition for the existence 
of a 2-rowed matrix of non-negative integers with given 
marginal totals and given bounds. Here some previous 
results are summarized and a necessary, but insufficient, 
condition is discussed in the case of an arbitrary number 
of rows. J. Hannan (E. Lansing, Mich.) 


1011: 

James, G. 8S. The Behrens-Fisher distribution and 
weighted means. J. Roy. Statist. Soc. Ser. B 21 (1959), 
73-90. 

Author’s summary : “(1) The Behrens-Fisher and Welch 
solutions of the two-means problem are compared, and the 
former shown to be lacking in sensitivity. (2) Yates’s and 
the author’s tests for a weighted mean are compared, and 
the former shown to reject the true value of the mean, in 
error, more often than is indicated by the nominal signi- 
ficance level (in extreme cases nearly twice as often). 
(3) A new test for weighted means is put forward which 
does not neglect the information on the variances supplied 
by the difference between the means, and which is 
“exact”. (4) An incidental by-product is the Cornish- 


Fisher expansion for a ical distribution, taken to 
some further terms.” H. Chernoff (Stanford, Calif.) 
1012: 


Beale, E. M. L.; Mallows, C. L. Scale mixing of sym- 
30 (1959), 1145-1151. 

Let A(z) and B(x) be two cumulative distribution 
functions on the real axis, continuous on the right and 
a.e. symmetric about the origin. Denote by X4 and Xz 
two random variables having as cumulative distribution 
functions respectively A(x) and B(x). By definition, A(x) is 
a B-mixture if there exist X,, Xz and Y such that 
X4=XzY, where Y is a non-negative random variable 
independent of Xz. Similarly, if F(z) and G(x) are 
cumulative distribution functions on the real axis, F is is 
a G-convolution if there exist Xr, X¢ and Z such that 
Xr=Xc+Z, where Z is a non-negative random variable 
independent of Xg. Firstly, conditions on moments are 
co ; further, a necessary and sufficient condition 
for A to be a B-mixture in terms of the conditional 
characteristic functions of In |X4| and In |Xa| is given. 
Furthermore, mixing criteria using the derivatives of the 
cumulative distribution functions are provided. Finally, 
connection with Pélya type distributions is made. 

O. Onicescu (Bucharest) 
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1013: 

Shenton, L. R. The distribution of moment estimators. 
Biometrika 46 (1959), 296-305. 

A class of moment estimators depending on the sample 
moments was introduced by the author [Biometrika 45 
(1958), 411-420; MR 20 #6744]. The present paper is 
concerned with the sampling distribution of a moment 
estimator in the case of a single parameter. Expressions 
for the first four cumulants are obtained, on the basis of 
which it appears that the distribution is asymptotically 
normal. Connections with MLE are also given. 

I. Olkin (Minneapolis, Minn.) 


1014: 

Tweedie, M. C. K. Statistical properties of inverse 
Gaussian distributions. I, Il. Ann. Math. Statist. 28 
(1957), 362-377, 696-705. 

In these papers is presented a detailed report on the 
properties of the “inverse Gaussian” probability density 
function : 


(1) f(x; A, = exp [— 
0<a,A, p< @. 


Illustrative results are: The d.f. is unimodal; ZX =p; 
=(A—(A2 + if Xi, ---, arei.i.d. with 
p.f. (1), then X has p.d.f. (1) with parameters (y, nA). 
Suppose that X, has p.d.f. (1) with parameters (, A,), 
j=1,---,N, where Aj=Agw;, the w; are known, but 
(uw, Ao) are unknown. The MLE are f=> wXi/> wi, 
=> p-)/N. It is shown that and are 
independently distributed, and ApN/Ao has a x%_, df. An 
analog of the analysis of variance model for nested classi- 
fications is also presented. The remainder of J is devoted to 
a parallel discussion of the properties of the p.d.f. of y= 1/z. 
In II estimations of the parameters A and ¢=A/p are 
considered. Various moment formulae are presented. In 
particular, it is shown that > (x;—m)?/[m4(n— 1)] 
is a consistent estimator of A-! and that as n—oo, 
V(Ao-)/ and MSE (Ao-!)/MSE (s2m-*) approach 
$/(¢+ 3). I. Olkin (Minneapolis, Minn.) 


1015: 

Huron, Roger. Etude de la corrélation entre certaines 
variables aléatoires liées 4 la loi multinomiale. C. R. 
Acad. Sci. Paris 249 (1959), 2268-2269. 

Consider a set of multinomial random variables 
Xi, ---, Xz and the sum Xz = Xi, where @ is a subset 
of the subscript indices. The author calculates the 
covariance of a,X.,—a2X5,, where a;, a2>0 are given 
normalizing weights. The index sets may overlap. 

S. W. Nash (Ames, Iowa) 


1016: 
Raja Rao, B. Properties of the invariant J, (m-odd) for 
(1959), 355-362. 
Let f and f; be two probability density functions 
admitting sufficient statistics and belonging to a (multi- 
ter) Koopman-Darmois family. Huzurbazar [Bio- 
metrika 42 (1955), 533-537; MR 17, 380] computed, for 
positive even m the quantity I, =f | This 
quantity was suggested by Jeffreys (Proc. Roy. Soc. 
London Ser. A 186 (1946), 453-461; MR 8, 163] as a 


author investigates the case when m is odd and evaluates 
Im for some particular density functions. 
R. G. Laha (Washington, D.C.) 


1017: 

Khatri, C. G. On the mutual independence of certain 
statistics: Ann. Math. Statist. 30 (1959), 1258-1262. 

The following two theorems are proved. (1) If X:pxq 
has a multivariate normal d.f. N(0, Z), and S: px p has a 
Wishart d.f. W(=,), X and S are independently distri- 
buted, then S+XX’ and S-/2X are independently 
distributed. (2) If x: px1 has a p-variate normal 
N(0, =), and 8S: px p has a Wishart d.f. W(X, n), z and 
are independently distributed, then S +22’ and 


are independently distributed, where 2’ =(2;', xo’), S= 
(Sy), 1,j=1, 2, are partitioned to be conformable. This 
theorem was proved for the more general non-central case. 
Both proofs are based on an evaluation of the joint 
distribution. An alternative proof is based on a result of 
Basu [Sankya 15 (1955), 377-380 ; MR 17, 640] that if 7 is 
a boundedly complete sufficient statistic and the distri- 
bution of 7’; does not depend on the parameter, then 7’; 
is statistically independent of 7’. 

I. Olkin (Minneapolis, Minn.) 


1018: 

Lord, Frederic M. The joint cumulants of true values 
and errors of measurement. Ann. Math. Statist. 30 
(1959), 1000-1004. 

The following model is considered: 2, ---,2z, are n 
observed measurements. The true value being £, the errors 
of measurement are e;=2z;—£. The e; and é are called 
latent variables. Expressions for latent-variable cumulants 
are obtained as well as further results under the assump- 
tion that each error of measurement has mean 0, and is 
uncorrelated with every product of the remaining latent 
variables. (The missing index of summation in (3) is 


u=1.) I. Olkin is, Minn.) 
1019: 
Harter, H. Leon. The use of sample quasi- in 


estimating population standard deviation. Ann. th. 
Statist. 30 (1959), 980-999. 

Author’s summary : “The use of sample quasi-ranges in 
estimating the standard deviation of normal, rectangular, 
and exponential populations is discussed. For the normal 
population, the expected value and the variance of the rth 
quasi-range for samples of size n are tabulated for r = 0(1)8 
and n=(2r+2)(1)100. The efficiency of the unbiased 
estimate of population standard deviation based on one 
sample quasi-range is tabulated for the same values of r, 
with n= (2r + 2)(2)50(5)100. Estimates based on a linear 
combination of two quasi-ranges are considered and a 


method is given for determining the weighting factor 


which maximizes the efficiency. The most efficient un- 
biased estimates based on one quasi-range for n = 2(1)100 
and on linear combinations of two adjacent quasi-ranges 
and of two quasi-ranges among those with r<r'<8 for 
n=4(1)100 are tabulated, along with their efficiencies. 
An example illustrates the use of these estimates. For the 


measure of distance between two density functions. The _ 
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reetangular population, the efficient estimate of population 
standard deviation, which is based on the sample range, is 
tabulated for n = 2(1)100. The bias, when estimates which 
assume normality are used, is tabulated for n = 2(1)100 
for rectangular and exponential populations.” 

{The reviewer wishes to add that the comparison between 
the use of quasi-ranges and normal probability paper on 
page 993 should not have been so unfavorable to the latter. 
If Morse and Kimball had paid attention to the extreme 
observations in fitting a least squares line by eye, their 
estimate of the standard deviation would have been close 
to the sample standard deviation. 

H. (Stanford, Calif.) 


1020: 

Blyth, Colin R.; Curme, Gregory L. Estimation of a 
parameter in the classical occupancy problem. Bio- 
metrika 47 (1960), 180-185. 

Each of the r members of an attacking force indepen- 
dently attacks some member of a population of n individ- 
uals with probability 1/n. Each attacker has probability 
p of killing the individual he attacks. X is the number of 
population members surviving. The authors first present 
or establish P(X =z), the factorial moments of X, and the 
completeness of the family of distributions. They then 
derive two expressions for the unique uniformly minimum 
variance unbiased estimate of p where r <n and a formula 
for its variance. The case r>~ is also considered and the 
unique uniformly minimum variance estimate of p with 
minimum bias in the neighborhood of po is derived. 

P. 8. Dwyer (Ann Arbor, Mich.) 


1021: 
van Klinken, J. On some estimation problems with 
to the Poisson-distribution and the y?-minimum 
method. Mitt. Verein. Schweiz. Versich.-Math. 59 (1959), 
297-306. (German, French and Italian summaries) 

Eine Poisson-Verteilung sei gegeben mit dem Parameter 
A(t) Av’. Der Verf. diskutiert die Schitzung der 
A, nach der y2-Methode und einer speziellen Methode der 
kleinsten Quadrate. W. Sazxer (Ziirich) 


1022: 
Moranda, P. B. Comparison of estimates of circular 
er eee J. Amer. Statist. Assoc. 54 (1959), 794- 


Tr, Y are independent bivariate normal variables with 
means zero common variance c®, In some applications it is 
of interest to estimate the Circular Probable Error (CEP) 
which is equal to 1.1774 o?, from a sample of n independent 
observations of (X, Y). The minimum variance unbiased 
estimate of co? was given by Chapman and Robbins 
{Ann. Math. Statist. 22 (1951), 581-586; MR 13, 367}. In 
this paper three other simple estimates of the CEP are 
presented. Their variances are computed for n= 2(1)21 
and their efficiencies compared with the best estimate. 

D. G. Chapman (Seattle, Wash.) 


1023: 
Robertson, W. H. Programming Fisher’s exact method 
— two percentages. Technometrics 2 (1960), 
03-107. 
Author’s summary : “Exact solutions to many statistical 
problems are now possible through the use of high speed 


computing equipment. This paper describes the applica- 
tion of a high speed computer for determining the exact 
probability statement associated with the problem of 
comparing two percentages.” 


1024: 

Bhapkar, V. P. A note on multiple independence under 
multivariate normal linear models. Ann. Math. Statist. 
30 (1959), 1248-1251. 

Let the random vectors (yi, ---, ¥pj), j=1, ---, ”, be 
independently and normally distributed with mt turd 
matrix >, and HY = A@, where Y =(yj;):n xp, A: nx mis 
of rank rSn—p, 6: mx >p is unknown. The problem con- 
sidered is test H: oyj=0, i#j, and to find confidence 
bounds associated with the test. The model is a modifica- 
tion of that considered by J. Roy [Ann. Math. Statist. 29 
(1958), 1177-1187; MR 20 #7363], and the method is also 


based on the step-down ure. , 
I. Olkin (Minneapolis, Minn.) 


1025: 
J. B. 8. The analysis of heterogeneity. I. 
Sankhya 21 (1959), 209-216. 

Suppose {X;, m, pi}, ---,m, are 3n random vari- 
ables satisfying the plowing requirements : The 7's are 
positive integer-valued; the ;’s lie in (0,1), have the 
same marginal distributions, and are uncorrelated ; n; and 
ps are uncorrelated and the conditional distribution of the 
X;’s given the remaining variables is that of n independent 
binomial variables with parameters m;, »;. If ny equals a 
constant s with probability 1, then U=> X;/ns is an 
unbiased estimate of Zp; and the paper asserts that this 
estimate is “‘efficient’’. 

An expression is given for the variance of U as is a 
statistic which is an unbiased estimate of this variance. 
Connections with a chi-square test for homogeneity are 
pointed out, and there is a discussion of the more difficult 
case when the 7’s are not constants. 


M. Dwass (Evanston, Ill.) 


1026: 

Walsh, John E. Definition and use of generalized per- 
centage points. Sankhya 21 (1959), 281-288. 

The author considers independent, but possibly not 
identically distributed, random variables 2, ze, ---, Zn. 
He defines the generalized percentage point 6, as the 
value (or set of values) which satisfy the relation 
n-) >?_, P(x: <0y)=p. He studies then point estimates 
and confidence intervals for 6. 


1027: 

Brown, T. M. Simplified full maximum likelihood and 
comparative structural estimates. Econometrica 27 
(1959), 638-653. 

The author computes the estimates for the 
parameters of a system, for two models X and Y: maxi- 
mum likelihood, truncated maximum likelihood, diagonal 
covariance maximum likelihood, truncated diagonal 
covariance maximum likelihood, limited information, and 
least squares. Model X is given in great detail in the paper, 
and corresponds to population values; the location of 
model Y is mentioned only on the last page and the 
moments for this model are not in the literature. 


| 
STATISTICS sone 
The 
C.) 
xg 
aS 
tri- 
atly 
af. 
d § | | 
| 
S= 
pint 
t of 
T is 
: 
nn.) 
en | 
rors 
lied 
ants 
mp- 
d is 4 
pent 
) is 
nn.) 
ath. 
Ss in | 
lar, | 
Lukacs (Washington, D.C.) 
(1)8 
used 
one 
of r, | 
| 
da 
100 | 
)100 
1ges 
the 
183 


The procedure the author uses is the P, method [see 
H. Chernoff and N. Divinsky, Studies in econometric 
method, pp. 236-302, Wiley, New York, 1953; MR 15, 
812]. He rejects the R, method because it involves the 
additional calculation of a matrix which would be com- 
puted once, at a cost on the order of magnitude of a single 
iteration at most. Another reason for wishing the R, 
method considered is that where population values are 
used, R, is Newton’s method, and for large samples, or 
where the limited information estimates are close, R, 
should be rapidly converging. Truncation consists in 
taking 10 iterations. 

The author compares the estimation procedures for 
value of the likelihood function and also for the relative 
deviation of the estimates from the maximum likelihood 
estimates. In model X, since population data are used, 
limited information must coincide with maximum likeli- 
hood. Otherwise, his results show that truncation gives a 
small loss, and that the procedures rank as limited infor- 
mation next to maximum likelihood (small error), and 
least squares worst, much as could be expected. It should 
be clearly kept in mind, however, that the author’s 
evaluation of alternative procedures is in their closeness to 
maximum likelihood, and not on approximation to true 
values in small samples. H. Rubin (E. Lansing, Mich.) 


1028: 

Durbin, J. A note on the application of Quenouille’s 
method of bias reduction to the estimation of ratios. Bio- 
metrika 46 (1959), 477-480. 

Let t;, tg and ts be ratio estimates based respectively 
upon a whole sample of n terms, and the two half-samples. 
Quenouille [J. Roy. Statist. Soc. Ser. B 11 (1949), 68-84; 
MR II, 262] showed that if ¢; has bias cn~!+O(n-2) then 
the bias of t= 2¢; — }(t2+ts) has bias of order not greater 
than n-*. The author shows that in some cases the 
variance of ¢ is also less than that of t;, while for more 
general cases one can still assert that the mean square 
error is less. P. Whittle (Cambridge, England) 


1029: 

Greenwood, J. Arthur; Durand, David. Aids for fitting 
the gamma distribution by maximum likelihood. Tech- 
nometrics 2 (1960), 55-65. 

Authors’ summary: “This paper presents a new table 
and some approximating polynomials especially designed 
to facilitate maximum likelihood estimation of the para- 
meters of the gamma distribution, and also applicable to 
the 2-parameter Type V; it discusses methods of com- 
puting the sampling variances of the likelihood estimators ; 
it illustrates the use of the tables in a numerical example ; 
it mentions applications to the Erlang distribution and 
difficulties of application to the general Type III. Finally 
it inquires when the numbers extracted from the tables 
are maximum likelihood estimates, and what they are 
estimates of.” D. G. Chapman (Seattle, Wash.) 


1030: 

Jowett, G. H.; Wright, Wendy M. Jump analysis. 
Biometrika 46 (1959), 386-399. 

The series z(t) (¢=1, 2, , kn) is supposed to be 
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divided into k sections of n observations each. The prob- 
lem is to test the equality of the section means. A test 
statistic based on the sum of squared differences between 
means of the last a observations of the sth section and the 
first « observations of the (s+ 1)th section (j=1, ---, k—1) 
is advocated, namely 


The mean of B, is obtained assuming z(t) to be stationary 
and the variance is obtained on the further assumption 
that z(t) is Gaussian. Some approximate tests based on 
B, are investigated. J. Durbin (London) 


1031: 

Zarkovic, 8.8. On the efficiency of sampling with vary- 
ing probabilities and the selection of units with replace- 
ment. Metrika 3 (1960), 53-60. (German summary) 

An approximate formula is obtained for the variance of 
the estimate of a mean based on sampling with replace- 
ment with unequal probabilities of selection, assuming the 
deviations of these probabilities from equality to be small. 
This is compared with variances of estimates based on 
standard methods of sample selection and estimation. 

J. Durbin (London) 


1032: 
Rao, J. N. K. A note on mean square successive dif- 
ferences. J. Amer. Statist. Assoc. 54 (1959), 801-806. 
Let {X;,i=1, 2,3, ---} be independently distributed 
random variables with mean p, variances o?. 


822 = [(n—2)]-2 — + 


then }52? is known to be an unbiased estimate of o?. Some 
properties of this estimator are studied. In particular the 
four sample moments are expressed in terms of population 
moments and the usual Pearson type approximation to the 
distribution of 52? is found for the case that the {X;} have 
density (—co<2<oo). Various numerical 
results are given. D. @. Chapman (Seattle, Wash.) 


1033: 

Chakravarti, I. M.; Rao, C. Radhakrishna. Tables for 
some small sample tests of significance for Poisson dis- 
tributions and 2x3 contingency tables. Sankhyi 21 
(1959), 315-326. 

Let 2, ---, 27 be f independent integer-valued random 
observations. Consider the hypothesis that the 2; have a 
Poisson distribution with common parameter A. In an 
earlier paper [Rao and Chakravarti, Biometrics 12 (1956), 
264-282; MR 18, 425] these authors gave tables for small 
sample tests of this hypothesis that have been proposed, 
based on the statistics > 2,7, 5 x log x, > f, log (r! fr), fo, 
where f; is the number of 2; equal to i (:=0, 1, ++). 
These tests are conditional on the sufficient statistic 
T => x. These tables are extended in the present paper 
and further illustrations given. Tables are also given for 
similar tests for the truncated Poisson distribution and for 
2x 3 contingency tables. D. G. Chapman (Seattle, Wash.) 


1034: 

John, 8. On the evaluation of the probability integral 
of a multivariate normal distribution. Sankhya 21 (1959), 
367-370. 

It is shown how the probability integral of a multi- 
variate normal distribution in k variables can be evaluated 
in terms of such integrals in k—1 dimensions by a reduc- 
tion formula which seems to be more complicated than the 
obvious one. P. A. P. Moran (Oxford) 


1035 : 

Roy, 8. N.; Roy, J. A note on a class of problems in 
“normal” mutivariate analysis of variance. Ann. Math. 
Statist. 30 (1959), 577-581. 

Let the columns of X(pxm) be independent non- 
singular p-dimensional normal variates with a common 
variance matrix and let their expectations be given by 
EX’ = A€, where A(n x m) is a matrix of known constants 
and ¢(mxp) is a matrix of unknown parameters. Let 
H be the hypothesis: = Bn where B(mxk) is a given 
matrix of constants and »(k xp) is a matrix of unknown 
parameters. It is shown that hypothesis H is “completely 
testable” if and only if rank A+rank B—rank AB=m. 
Further, if rank Asn—p, it is possible to construct a 
testable hypothesis H* which is implied by H. The test 
criterion proposed for H* is also given. 

7’. Kitagawa (Fukuoka) 


1036 : 

Bose, R. C.; Gupta, Shanti S. Moments of order statis- 
tics from a normal population. Biometrika 46 (1959), 
433-440. 

The tth moment of X, the kth order statistic in a 
sample of size n from N(0, 1) population, p,'(n, k), can be 
expressed in terms of lower moments of order t—2i 
(i=1, 2, --+, or 4(¢—1)) and the integral 


where P;,:(z) for ¢>0 is defined by 


it being understood that ¢ is replaced after differentiation 
by ¢(z), the cumulative distribution function of N(0, 1). 
The appropriate expressions are derived in the paper. 
Exact values of all odd order moments can be derived and 
numerical values are computed for ¢=3 and 4 when n <5, 
and the exact values of all even order moments can be 
derived when n <6. Techniques for numerical evaluation 
for larger values of n are mentioned briefly. 

D. Teichroew (Stanford, Calif.) 


1037 : 

Buehler, Robert J. Some criteria for statistical 
inferences. Ann. Math. Statist. 30 (1959), 845-863. 

Statistical problems are often described in terms of 
inferences about the value w of a parameter on the basis 
of a datum z, the distribution of which is specified for each 
w. A confidence procedure C is a set of pairs (z, w). It has 
been popular to require that C be “‘exact”’ for some frac- 
tion a, that is, Pr (C|w) =a. Those who make this require- 
ment would presumably be seriously disappointed with a 
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C exact for « if there were a subset K of data such that 
Pr (C|K,w)—a was uniformly positive or uniformly 
negative in w. They might even be disappointed with a C 
for which the difference could be positive or negative for 
all w, even if not uniformly so. 

The paper consists of significant examples that illu- 
strate both the major and minor kinds of disappointment 
and shed light on several controversial topics. One thing 
the author shows is that many well established procedures, 
including those based on Student’s ¢t, do lead to the minor 
disappointment. There is also a demonstration that the 
natural confidence procedures associated with a single 
observation from a translation family never lead to the 
major disappointment. 

The author experiments with writing in terms of a game- 
theoretic parable that some readers may find helpful. 

L. J. Savage (Ann Arbor, Mich.) 


1038 : 

Wallace, David L. Conditional confidence level pro- 
perties. Ann. Math. Statist. 30 (1959), 864-876. 

This paper goes forward with the concepts of the paper 
by Robert J. Buehler reviewed just above and with 
related concepts in as yet unpublished lectures by John W. 
Tukey [“‘Fiducial inference”, 1958 Wald Lectures, Cam- 
bridge, Massachusetts, meeting of the Institute of Mathe- 
matical Statistics, August, 1958]. 

The relations among many properties of a confidence 
procedure, including freedom from major and minor 
disappointment in the sense of the review above, are 
discussed. 

CallC “level « Bayes with respect to ¢’’, where é is a prob- 
ability measure on the parameter space, if Pr (C|z, £)=« 
for almost all z. It is almost evident that such a C cannot 
lead to even minor disappointment. This idea, and 
modifications of it, are the principal theoretical devices of 
the paper. 

Many usual procedures are weakly Bayes; loosely 
speaking, they are Bayes with respect to a not necessarily 
countably additive measure £. This is shown to guarantee 
against major disappointment. 

L. J. Savage (Ann Arbor, Mich.) 


1039: 

Kruskal, William H. Some remarks on wild observa- 
tions. Technometrics 2 (1960), 1-3. 

Some considerations affecting the treatment of wild or 
outlying observations are reviewed. Something should 
be said about wild observations in any but the most 
summary report, even if they are rejected from a part of 
the statistical analysis. Much may be learned from 
anomalous observations. The proper treatment of wild 
observations depends on the purpose of the analysis and on 
the degree of knowledge about the wildness. 

F. J. Anscombe (Princeton, N.J.) 


1040: 

Herbach, Leon H. Properties of model II-type analysis 
of variance tests, A: Optimum nature of the F-test for 
model II in the balanced case. Ann. Math. Statist. 30 
(1959), 939-959. 

A distribution analogous to the canonical distribution 
used in testing the general linear hypothesis is developed 
for Model II (components of variance model) analysis of 
variance for balanced classifications. The standard form is 


STATISTICS 
prob- | 
test 
tween ag 
id the 
k-1) 
| 
onary | 4 
:ption 
ed on 
vary- | 2 
place- | 
y) | 
nee of 
place- 
ng the 
small. 
ed on f 
mn. 
mndon) | 
re dif- | 
06. 
ibuted 
Some 
ar the 4 
lation 
to the 
} have 
Wash.) 
les for | 
m dis- 
ya 21 
andom 
have & 
In an 
(1956), 
small 
posed, | 
atistic | 
ren. for | 
for 
Wash.) 
: 


1041-1046 STATISTICS 


used to show that the F-test is uniformly most powerful 
(u.m.p.) similar for testing the non-existence of main 
effects in the balanced one or two-way classification. In 
the balanced one-way classification the likelihood ratio 
(L.R.) test is not My F-test, but for purposes of testing 
we. can act as if it were. In the case of the two-way 
balanced classification, however, not only is the L.R. test 
not the F-test, but (unlike the previous case) is not even 
equivalent to it for small levels of significance. It is also 
shown that the u.m.p. invariant test for the balanced 
one-way classification is the F-test. In the case of a two- 
way balanced classification there may not be any u.m.p. 
invariant test. In this case for testing the absence of a 
main effect it is shown that of all the invariant tests 
whose power is independent of nuisance parameters, the 
F-test is the most powerful. The methods of this paper can 
be generalised to the multiple classification case and 
especially to multifold nested classifications which are 
very useful in sampling theory 

8. ‘Shrikhande (Raleigh, N.C.) 


1041: 

Gautschi, Werner. Some remarks on Herbach’s paper, 
“Optimum nature of the F-test for the model II in the 
balanced case.” Ann. Math. Statist. 30 (1959), 960-963. 

This paper supplements the above paper by Herbach 
by proving for the balanced Model II design that (i) the 
standard F-test for the interaction variance component 
(w: cap? =0) is a u.m.p. similar test and (ii) the standard 
estimates of variance components are minimum variance 
unbiased. This reviewer wishes to emphasize that the 
results in these two papers refer only to balanced 

R. L. Anderson (Raleigh, N. C.) 


1042: 

Bhat, B. R. On the distribution of various sums of 
squares in an analysis of variance table for different classi- 
fications with correlated and non-homogeneous errors. J. 
Roy. Statist. Soc. Ser. B 21 (1959), 114-119. 

The author extends previous work of Box for a two-way 
classification to a general n-way classification. Particular 
attention is paid to n=3, for the case of correlation and 
heterogeneity of variances for two factors (A and 8B). 
Assume the pq observations on AB follow the same pq- 
variate normal distribution, with dispersion matrix V, 
for each level of C. In this case the ive sums of 
squares due to A, B and AB are distributed as > Asys?(1), 
> Ayy*(1) and > Agyy*(1), where the y?-variates are 
independent, each with one degree of freedom. The 
are respective non-zero latent roots of VMi, 
and V M3, where the M’s are matrices associated with the 
quadratic forms corresponding to the sums of squares due 
to A, B, and AB. The same distributions hold for AC, BC 
and ABC, except for changes in degrees of freedom. 
Similar results hold for the case of correlation and hetero- 
geneity of variances for only one factor (A) with the same 
dispersion matrix for each level of BC. 

Results are also given for a Latin-square design. 

: R. L. Anderson Raleigh, N.C.) 


1043: 


David, H. A.; Arens, Beverly E. Optimal spacing in re- 
gression analysis. Ann. Math. Statist. 30 (1959), 1072- 


interval (—1, 1) by ga-:(z), a polynomial of degree »—1 
one attempts to allocate n observations so that R(z)= 


f(x) is small. may be expressed as 
Rx) = 


where and |€| <1. The 
authors consider minimizing the maximum value of 

These criteria require, respectively, Tchebysheff or 
Legendre spacing, i.e., spacing based on the zeros of these 
polynomials. 

The authors consider the same problem when the 
observed response is y(x)= f(z)+z, where z is a random 
error with mean zero and variance o?. The criteria con- 
sidered here are the maximum expected squared error 
(Emax) and the expected mean square error B), Particular 
attention is paid to the case where the fitted response is a 
straight line and f(x) is a quadratic, 


f(z) = Co+O +C2P2(z), 


the P’s being Legendre polynomials. For this case two 
symmetrically distributed points are needed at x2= 
—2x, =a. Values of « are given, for each of the two criteria 
mentioned above, for various values of the ratio b = o’/|C%|, 
where o’ = 202/n. 

The optimal spacings are compared with four other 
simple spacings on the basis of the values of Emax and £. 
One numerical example is given. 

R. L. Anderson (Raleigh, N.C.) 


1044: 

Marbach, Giorgio. Su alcune relazioni statistiche in 
distribuzioni dicotomiche doppie. Statistica. Bologna 19 
(1959), 505-524. 

Many indices of dependence and correlation that have 
been devised for contingency tables are identical or 
closely related when the table is 2 by 2. 

L. J. Savage (Ann Arbor, Mich.) 


1045: 
Das, M.N. On reinforced incomplete block designs. J. 
Indian Soc. Agric. Statist. 10 (1958), 73-77, xviii. (Hindi 
summary) 

The author defines a reinforced incomplete block design 
as an incomplete block design to which a new treatments 
are added to each block, and to which f new blocks are 
added each containing all treatments. The solution of the 
normal equations is given. M. Zelen (Washington, D.C.) 


1046: 

Bose, R. C.; Shrikhande, 8. 8. On the composition of 
balanced incomplete block designs. Canad. J. Math. 12 
(1960), 177-188. 

An orthogonal array (N, k, s, t) of size N, k constraints, 
8 levels, strength ¢ and index A is a kx N matrix whose 
elements are taken from the integers 1, ---,s such that 
every ¢ rowed submatrix contains every t-plet exactly A 
times as a column. The authors first derive by construc- 
tion lower bounds on the number & of constraints if t= 2. 
The construction depends on the existence of another 
configuration termed pairwise balanced designs of ihdex 4. 
The .authors then define a composition procedure for 
balanced incomplete block designs by which a BIB 


(vive, k, ArA2) and under certain conditions also a 
(vi(ve—1)+1, &, can be obtained from a k, 
and a (v2, k, Az). Various refinements and modifications 
of this method are given by which resolvable designs and 
BIB designs with other specified properties can be ob- 
tained. Finally BIB designs with k=5, A=1 and k=4, 
\=1 are constructed when v satisfies certain arithmetical 
conditions. The results are very numerous and interesting. 
It is however impossible to cram into a review all the 
definitions needed for a precise formulation of the results. 

H. B. Mann (Columbus, Ohio) 


1047: 

Hartley, H.O. Smallest composite designs for 
response surfaces. Biometrics 15 (1959), 611-624. 

Consider an experiment in which a response depends on 
n different factors 1 (i=1, 2, ---, m) such that the 
response surface is quadratic. The author considers 
estimating the coefficients of the quadratic response law 
by using a composite design, i.e., a 1/2" fractional repli- 
cate of a 2" factorial with factor levels at 2;= + 1 to which 
is added the 2n points 2%= +a, x;=0 for j#i, and the 
point z;=0 for i=1, 2, ---, nm. It is shown that experi- 
ment designs usually recommended as the “best’’ frac- 
tional replicates are not necessarily the best when used in 
composite designs for estimating the coefficients of a 
quadratic response surface. Alternative designs permitting 
the estimation of the largest number of coefficients are 
developed. M. Zelan (Washington, D.C.) 


1048: 

Shrikhande, 8.8. The of the Lz association 
scheme. Ann. Math. Statist. 30 (1959), 781-798. 

It is proved that for s22 and integral, the parameters 
v=s8?, ny=28—2, =8—2, pii?=2 of a partially ba- 
lanced incomplete block design (PBIB) with two associate 
classes implies the Lg association scheme. Further some 
necessary conditions are given for the existence of 
symmetrical PBIB designs with the above parameters for 
s=3 and s#4. M. Zelen (Washington, D.C.) 


1049: 

Masuyama, Motosaburo. On cyclic difference sets 
which generate orthogonal arrays. Rep. Statist. Appl. 
Res. Un. Jap. Sci. Engrs. 6, 47—53 (1959). 

A compact representation of some of orthogonal arrays 
(Ap, Ap +1, p, 2) is found, and the author introduces the 
notion of cyclic difference set. Binary operations of sets 
of integers are defined which enables us to compute 
directly or by electronic computer. The special case when 
p=3 is discussed in detail. T. Kitagawa (Fukuoka) 


1050: 

Colombo, Bernardo. Appunti di metodologia sequen- 
ziale. Accad. Patavina Sci. Lett. Arti. Atti Mem. 71 
(1958/59), no. 2, 113~140. 

Sequential tests for the comparison of two normal 
populations are reviewed and illustrated. Comparisons of 
variances and of means of one-dimensional populations 
are considered, and comparisons of regression coefficients 
and of means of two-dimensional populations. A suggestion 
is made for comparing sequentially two correlation co- 
efficients by reducing the problem to one of double 
dichotomy. _ FF. J. Anscombe (Princeton, N.J.) 


1047-1054 
1051 : 


(1960), 19-26. 

Consider K lots of N items each, a 
NP, defective items in the ith lot (i=1, 2, - +, K). A 
sample of size n is taken from each lot and the acceptance 
of the lot is based on the number of defectives r; in this 
lot. The parameter of interest P, is the true proportion of 
emeng of astented loth (cach dinintshed by the 
size of the sample), i.e., if lots 1, ---, Ka are accepted 


1—n/N 


A conservative upper confidence limit for P, is found 
using the normal approximation for the distribution of 
> r: (which is reasonable if either n or K is large) and the 
simple inequality P;)?/K<>.* P,?. Extensions are 
given to a case where the number of accepted items must 
exceed some lower bound so that K is random rather than 
fixed and to a situation with the number of items per lot 
varying. D. G. Chapman (Seattle, Wash.) 


1052: 

Suzuki, Yukio. On sampling inspection plans. Ann. 
Inst. Statist. Math. Tokyo 11 (1959), 71-79. 

The proportion p of defectives in a lot of size N has 
probability distribution dF(p). A random sample of size n 
is examined, at cost S(n). If the number of defectives <c 
the lot is accepted, with loss L;(p). Otherwise the lot is 
rejected, with loss L2(p). The choice of n and c to minimize 
the total expected cost is considered, first for S(m), Li(p), 
I2(p) assumed monotone, and then specifically for 
n/N small, and Tale) and dF(p) a beta 
distribution. nscombe (Princeton, N.J.) 


1053: 
Jackson, J. Edward. Quality control methods for 
several related variables. Technometrics 1 (1959), 359- 
377. 

The author provides methods for quality control of p 
variates by use of Hotelling’s 7? test or equivalently 
Hotelling’s method of principal components. A simplified 
approximation to 7"? is suggested and a 4-variate example 


is analyzed. L. A. Aroian (Los Angeles, Calif.) 


1054: 

Barlow, R. E.; Hunter, L. C. System efficiency and 
reliability. Technometrics 2 (1960), 43-53. 

From the authors’ “This paper presents a 
method for determining the reliability of large, complex 
systems. Repair is an integral part of the model proposed 
and the usual assumption of component independence 
need not be made. the stochastic nature of an 
electronic system operating in time, the reliability of any 
system is defined in terms of a suitable stochastic process. 
This enables the use of powerful probabilistic techniques 
which have been developed in recent years. In particular, 
Given component repair and failure parameters, the 


_ 
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reliability of the system at any specified time as well as 
the limiting reliability can easily be obtained. If the 
reliability requirement for the system is given, it is a 
routine matter to determine permissible values for the 
mean time to repair and the mean time to failure of each 
component.” 

The methods suggested apply under the assumption of 
an exponential failure law, and under the assumption that 
the distributions for repair time are stationary. An 
example illustrates the theory. 

L. A, Aroian (Los Angeles, Calif.) 


1055: 

Landenna, Giampiero. Lo schema a due stadi semplici. 
Statistica. Bologna 19 (1959), 483-504. 

In idealized two stage sampling, No populations U; of 
size H(U;) are chosen at random from a superpopulation, 
and then N(U;) individuals are selected at random from 
U;. The function N is supposed to be defined in advance 
of all sampling, but often it is not. The author explores the 
effect of this and other departures from the idealized 
model on statistical inferences based on two 
sampling. L. J. Savage (Ann Arbor, Mich.) 


1056 : 

Rubin, Herman: Tucker, Howard G. the 
parameters of a differential process. Ann. Math. Statist. 
30 (1959), 641-658. 

Let X(t) be a homogeneous stochastic process with 
independent increments. The Lévy-Khinchin canonical 
representation of the characteristic function of X(t) is 
expressed in terms of a real constant y and a bounded, 
nondecreasing function G(x). The authors study the 
problem of estimating y and G(z) after having observed a 
realization of the process. To estimate G(x) two methods 
are proposed. The first one is based on the assumption that 
one can observe X(¢) at any finite number of values of t. 
The other one also uses the observed values of the dis- 
continuities of the sample function. Both methods are 
strongly consistent ; the second one is also inbiased. 

U. Grenander (Stockholm) 


1057: 

Darwin, J. H. Note on the comparison of several 
= of a Markoff chain. Biometrika 46 (1959), 
412-419. 

The author is interested in the comparison of several 
observed Markov chaing. He constructs a test of the 
equality of r observed sets of transition probabilities 
Pjk, partitions this test so as to between set 
differences in the py and in the p/(1—py), and finally 
considers tests for between-set eauality of the asymptotic 
occupation probabilities. 

P. Whittle (Cambridge, England) 


NUMERICAL METHODS 
- See also A678, A712, 1142, 1265, 1322, 1412. 
1058 : 


Schwerdtfeger, Hans. Notes on numerical 
and curve 


Interpolation fitting 
tions. Canad. Math. Bull. 3 Roles ai 41-57. 
188 


I. 
linear func- 


[For part I see the author, same Bull. 2 (1959), 97-110; 
MR 21 #3940.] 

A sectionally linear function is a polygon with vertices 
specified at abscissae a=2x9 <2) < --+ <2%,=b. The author 
utilizes the functions 


go(x) = 1, 
= 0 
= 


for x s %-1, 

forz > 2,-1, 

(v = +++, 0), 

considering this to define a space of n+1 dimensions; 

develops the equation of an arbitrary sectionally linear 

function as a linear combination of these with coefficients 

expressed in terms of divided differences ; defines an inner 

product in the space and thence an orthogonal system and 
a “Fourier expansion’’, The development is = and its 


are reazonably simple in ap 
A. 8. Householder (Oak Ridge, Tenn.) 


1059: 

Arsac, Jacques. Représentation de fonctions numér- 
iques au moyen de translatées d’une fonction donnée. 
C. R. Acad. Sci. Paris 250 (1960), 278-280. 

L’auteur donne une condition suffisante pour que l’on 
puisse écrire la fonction f(x) sous la forme d’une série 
formée avec les translatées g(z/A—p), A donné, p entier. 
Cette théorie contient comme cas particuliers |’inter- 
polation linéaire et une formule de C. E. Shannon [Proc. 
LR.E. 37 (1949), 10-21; MR 10, 464]. 

J. Kuntzmann (Grenoble) 


P. C. Wher den Grad der Approximation mit 
Numer. Math. 1 (1959), 221-239. 


Bernstein- 

Soit f(x) continue sur [0, A. B,(x) son polynome d’ap- 
proximation de Bernstein d n, on sait que (Popo- 
viciu) : 


= max |f(x)—Bna(z)| 
0s251 


ou w est le module de continuité de f; l'objet du mémoire 
| est d’améliorer les bornes connues pour «x. L’auteur 
trouve: 1 < 1,093785--- et montre aussi que: 

1 

= 


Travail intéressant, démonstrations i 


lim 


J. Favard (Paris) 


1061: 

Ling, Chih-Bing. Evaluation at half periods of Weier- 
strass’ elliptic function with rectangular primitive period- 
parallelogram. Math. Comput. 14 (1960), 67- 67-70. 

The author computes the values ¢;, ¢2, ¢3 of Weierstrass’s 
function g(z) for z equal to a half-period w:, w2 or ws. 
These values are the roots of — 1504x — 350g = 0 where 


une 
Since g is a homogeneous function in z, 1, we, it suffices 
to consider the case when 2w,;=1. The author then-takes 

2we=ai where a= 1, 1.25, 1.5, 1.75, 2, 3, 4, 5, 6, oo. 
'E. T’. Copson (St. Andrews) 


1/(2mw + 2nwe)*. 


: | 
— 


1062: 
Ertel, H. Eine Approximation der Funk- 
tion a(n) fiir A rma n20. Z. Angew. Math. 


Mech. 38 (1958), 399-400. 


1063 : 

LyaSko, A. D. Some versions of the Galerkin- 
method. Dokl. Akad. Nauk SSSR 128 (1959), 468-470. 
(Russian) 

Given the equation Gz—ATx=y in Hilbert space, the 
author considers various inner products for defining the 
conditions [Gan —AT Zn —y, G¢x]=0 to be imposed upon 
an approximate solution in the form => 1" Some 
applications are discussed briefly. 

(Oak Ridge, Tenn.) 


1064: 

Ash, Robert B. Topology and the solution of linear 
systems. J. Franklin Inst. 268 (1959), 453-463. 

The author associates a linear graph with an indepen- 
dent system of linear equations, and develops relations 
between parts of the graph and certain matrices and 
determinants associated with the system of equations. 
In particular, the determinants arising in the application 
of Cramer’s rule can be evaluated by exami the asso- 
ciated graph. J. B. Giever (University Park, N.M.) 


1065 : 
Faddeev, D. K. On the of matrices. 
Trudy Mat. Inst. Steklov. 58 (1959), 387-391. (Russian) 
Although a brief discussion of condition numbers is 
given, they have little real bearing on the main results of 
this paper. The author assumes the elements of a matrix 
A to have a standard deviation co, and asks, first, for the 
covariance matrix of the elements of the solution x of 
Az=b (assuming 6} fixed); second, for the covariance 
matrix of the characteristic roots 4;. For the first he ob- 
tains the matrix o*||z||2(A*A)-!, the norm being Euclidean. 
For the second, a matrix whose elements are o?(u;, u;) x 
(vj, vs), where w; and » are the column and row vectors 
belonging to normalized by (uw, 
A. 8. Householder (Oak Ridge, Tenn.) 


1066 : 

Fridman, V. M. New methods of a linear 
operator i Dokl. Akad. Nauk SSSR 128 (1959), 
482-484. (Russian) 


H denotes a (real) Hilbert space, A is a bounded linear 
operator. Let y ¢ H. The problem of solving the operator 
equation Le = Azx—y=0 is treated in terms of the varia- 
tional problem of minimizing (La, La). The gradient 
of ¢ at x is readily seen to be directed along A* Lz and it is 
natural to explore an iterative gradient search procedure 
+ Lag, where é, is to be suitable determined 
once 2, is known, 2 being chosen arbitrarily. It is noted 
that all steps in such a procedure are orthogonal to the 


null space WN of A; it follows that if it converges to a solu- 
tion, that solution must be z*= Pzo+u where P is the 
projection onto NW and wu is the (unique) solution of Lu=0 
in N+. Hence the optimum procedure of the type con- 
sidered (“iterative procedure with minimum error’’) is to 
use the selection of e, to minimize |z*—z,,,|| at each 


step. This leads to the choice 
(Contrast with the more complicated and less effi 

$%n+1.) Theorem 1: If La=0 possesses any solution, then 
the above procedure, starting from zo, converges to the 
solution = Pxo + u. 

The author also considers making n successive steps of 
undetermined length along gradients, thus arriving at a 
vector z, depending on parameters ¢), ---, é, which ma 
then be chosen simultaneously so as to minimize |r, —2z*||. 
This procedure (“multistep iterative procedure’’) which is 
a sort of compromise between iteration and a direct 
method, must also con , ing solutions to exist. 
For both procedures, if AA* is invertible, explicit numer- 
ical estimates of rapidity of convergence are given in 
terms of the upper and lower bounds of AA*. No proofs. 

A. Brown (Houston, Tex.) 


1067: 
Greville, T. N. E. Some of the pseudo- 
inverse of a matrix. SIAM Rev. 2 (1960), 15-22. 


The notion of the pseudoinverse of a rectangular or 
singular matrix was introduced by E. H. Moore [Bull. 
Amer. Math. Soc. 26 (1920), 394-395] and recently redis- 
covered by A. Bjerhammar (Trans. Roy. Inst. Tech. Stock- 
holm no. 49 (1951); MR 14, 1127] na R. Penrose [Proc. 
Cambridge Philos. Soc. 51 (1955), 406-413 ; MR 16, 1082}. 
The author discusses two applications of the pseudo- 
inverse: (1) in a modification of the recursive procedure 
described by B. A. Dent and A. Newhouse [SIAM Rev. 1 
(1959), 55-59; MR 20 #6773] for obtaining orthogonal 
polynomials over a discrete domain ; (2) in the determina- 
tion of multilinear regression coefficients. Also a recursive 
algorithm for constructing the pseudoinverse of a matrix 
is given. Ky Fan (Detroit, Mich.) 


1068 : 
Bessmertnyh, G. A. Simultaneous determination of two 
istic numbers of a self-adjoint operator. Dokl. 
Akad. Nauk SSSR 128 (1959), 1106-1109. (Russian) 
Let A be a bounded positive definite operator on a real 
Hilbert space H, and let m, M denote resp. the lower and 
upper bounds of spec A. It is assumed that m is an isolated 
eigenvalue ; m,;>m denotes the lower bound of the spec- 
trum with m deleted. Finally if ¢ is an eigenvalue Z;, will 
denote its eigenspace. The iterative procedure 
‘skil, Uspehi Mat. Nauk (N.S.) 11 (1956), 
no. 3 (69), 151-158 ; MR 18, 676] is known to converge to a 
vector in Lm» (while provided only ¢ L»+. The 
author points out that, in favorable circumstances, more 
information can be obtained from the procedure. E.g., if 
m is also isolated in spec A, if m>M/2 and if zo is not 
orthogonal to either L» or Dm,, then y,—>1/m; and the 
sequence {A;} also converges “in direction” to a vector 
A* Lm,, ie., (Ax, |A*|—>1. Similarly, if is 
isolated and if m<m,/2 then y;—>1/M and A, converges 
in direction to a vector in Ly provided, this time, zo ¢ Lm+ 
and no 2,6 Ly". (The latter condition is assured if 
po= (Azo, (x0, xo) = M/2.) No are given. 
A. Brown (Houston, Tex.) 


hor 
ns; 
nts 
ner 
and 
its 
| 
née. 
on 
érie 
jier. 
ter- 
ble) 
mit 
39. 
| 
teur 
ASS 
| ‘ 
ere 
ffices 3 
ews) 
189 


1069: 

Farnell, A. B. Characteristic root bounds of Gersch- 
gorin type. SLAM Rev. 2 (1960), 36-38. 

Gerschgorin’s theorem states that the eigenvalues of a 
complex matrix (ay) are situated within the union ® of the 
sets |z— au| |ay|. Similar inclusion sete are de- 
fined by the union € of the sets |z— and 
the union 8 of the sets |z—ay|*< RiC;. Then the inter- 
section  € is also an inclusion set. (The author’s 
continuity argument to prove this seems to be redundant.) 
Discussion of a special case and a numerical example 

H. Schwerdtfeger (Montreal) 


1070: 

Bauer, F. L.; Householder, A. 8S. Moments and char- 
acteristic roots. Numer. Math. 2 (1960), 42-53. 

One purpose of this paper is to derive inclusion theorems 
for the characteristic roots of a real or complex matrix A, 
that is, theorems describing a domain in the complex 
plane which contains at least one root of A, General 
considerations suggest restriction to a normalizable 
matrix A, i.e., a matrix that is similar to a diagonal 
matrix. Effective use is made of the norm |.A|| of A which 
is consistent with and subordinate to the euclidean norm ||| 
=2z4z of the vector x (x# viz., || Al] = maxy|| Ay||/|| y = 
(greatest root of A#A)'/2, If now A= PAP-1 where A is a 
diagonal matrix, it follows from Faddeeva’s axiom (4) (i.e., 

that |Ajs|Alx, «=sup |PI- 

P-1|, where (P) is the set of all P such that P-1AP is 
diagonal ; always «21 and «=1 if A is normal since then 
P can be taken unitary. Thus |A| 2 2 
describes an inclusion domain for the maximum modulus 
root of A. Further inclusion domains are obtained as 
follows: Let a(A)=ao+aiA+ ---+a,A” and B(A)=Bo+ --- 
+B.» be two polynomials of degree <v. Since also 
a(4)= Pa(A)P-+, the inequality |a(2)| 2 « 
describes an inclusion domain for the root Ay of A whic 
corresponds to the maximum modulus root a(A,) of a(A). 
Similarly this principle can be applied to the rational func- 
tion «(A)/B(A) in place of a(A); following up with the sub- 
stitution y=£(A)z one obtains the following inequality 
describing an inclusion domain for the root A, of A which 
corresponds to the max. mod. root of a(A)/B(A). Inter- 
change of « and £ yields 
(2) a(A)/B(A) < 

These two inequalities constitute the fundamental 

theorem from which all further results are obtained by 
making special assumptions concerning the Seen 
a(A), Bia). Introducing the vectors a’ =(ao, - 
b’ =(Bo, ---, 8,) of their coefficients one has 
=a" Ma where M, = is the 
matrix of the “moments” py = (2)#2 where = Ate 
(¢=0, 1, ---,v). The two polynomials a(A), B(A) are said 
to be “orthogonal with respect to A and z” if b®?Ma=0, 
and normalized if ||«(A)z|| = ||B(A)z|| = 1. This orthogonal- 
ity can be expressed in the usual way with a suitable 
weight function. 

Assuming a(A), orthonormal, the two polynomials 
(A) — 88(A), B(A)+5e(A) are orthogonal of equal norm, if 
8 is an arbitrary number. Thus the inequality 


(3) — 8B(A))/(B(A) + Sa(A))| < « 
defines an inclusion domain for a root of A. If «285 = 1, so 


that «5= —exp (i#) with a real 6, this inequality (8) is 
stated to be equivalent with 
(4) Re [exp (i8)a(A)/B()] He —x-). 
If A is normal, then the right-hand side of (4) is zero. In 
the case of a normal A, according to (1) and (2), every 
inclusion theorem becomes a “separation theorem”’, in- 
dicating two complementary inclusion domains for roots 
of A in the )-plane. Together with A also «(A), B(A) and 
x(A#, A) are normal if y(z, A) is a polynomial in two 
variables. The two inclusion domains are separated by the 
“separation locus” for which the relation 
(5) Re [exp (i8)x(A, A)/|a(A)|*] = 

Re [exp 
is obtained. By suitable choice of y the right-hand side 
can be reduced into zero so that the condition becomes 
simply Re [exp (i0)x(A, A)]=0 if a(A)=1. 

More special separation theorems are derived from (5) 
by taking for «(A) polynomials from a certain orthogonal 
system ¢,(A), defined by the standard determinant for- 
mulae with the moments jj. The minimum norm property 
of these polynomials makes it that they minimize the 
right-hand side of (2). H. Schwerdtfeger (Montreal) 


1071: 

Flanagan, Czerna; Maxfield, J. E. Estimates of the 
rocés of certain polynomials. J. Soc. Indust. Appl. Math. 
7 (1959), 367-373. 

Knowing the roots x; of a polynomial P,(x) of degree n, 
what can be said about the roots of the “augmented” 
equation + P,(x)=0, where is a small real number ? 
This paper answers the question and gives the approxima- 
tions to the n + 1 roots of the augmented equation, neglect- 
ing the terms of order O(c”), EH. Kogbetliantz (New York) 


1072: 
Weeg, Gerard P. Truncation error in the Graeffe root- 
cpeves method. J. Assoc. Comput. Mach. 7 (1960), 
71 
The truncation error of the method in the title is esti- 
mated under the assumption that all roots are real and 
distinct. {Reviewer's remark : A more complete estimation 
is given in the recent book, I. S. Berezin and N. P. Zidkov, 
Metody vyéislenii, vol. 2 (Moscow, 1959]; p. 115 ff.} 
Walter Gautschi (Oak Ridge, Tenn.) 


1073: 

Hammer, Preston C.; Wicke, Howard H. Quadrature 
formulas involving derivatives of the integrand. Math. 
Comput. 14 (1960), 3—7. 

The existence is demonstrated of quadrature formulae 
of the type 


1 ‘f2(0) 
= 2 2 2 


+3 f (ary) — + Rm r(f), 


f20(0) 
2 2, 


- 
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), 


for k respectively an odd or even positive integer. The 
remainder terms are of the respective form 


which therefore vanish if the integrand is a polynomial of 
sufficiently low order. 

It is shown that there exists, for each k, a sequence of 
orthogonal polynomials whose zeros, real, distinct and in 
the interval (0, 1) are the squares of the abscissae z;, and a 
series of positive numbers }; from which the weights a, 
are simply calculable. Recursion formulae are established 
for the polynomials and proofs are given for the remainder 
terms. L. Fou (Oxford) 


1074: 

Struble, George. Tables for use in quadrature for.nulas 
involving derivatives of the integrand. Math. Comput. 
14 (1960), 8-12. 

Tables are given for use with the Hammer-Wicke 
quadrature formulae [see preceding review]. The tables 
give x; and a; for m=1(1)10, k=1, 2, to a number of deci- 
mals varying from 15 to 8, depending on the upper limit of 
expected accuracy, the lower limit being apparently at 
most two fewer figures. 

Coefficients of the associated polynomials are also 
given explicitly to a varying number of significant figures, 
and the factor Cz, of the remainder term, depending on 
m and k, is also tabulated. L. Fox (Oxford) 


1075: 

Miller, J. C. P. Numerical quadrature over a rectan- 
gular domain in two or more dimensions. I. Quadrature 
over a square, using up to sixteen equally spaced points. 
Math. fees. 14 (1960), 13-20. 

In this paper the author gives several formulas for 
numerical quadrature over a square based on regular lat- 
tices of points. Altogether there are about a dozen such 
formulas tabulated. In lieu of error analysis the author 
gives the next higher order terms from the Taylor series 
integration and calls these the ‘main error terms”’. 

It seems useful to point out a few factors which may be 
misleading to the uninformed reader. The author states 
in the Introduction, ‘Except for a section of a paper by 
Bickley which gives some of the results which follow, there 
seems to be very little in print concerning numerical 
quadrature over rectangular domains in two or more 
dimensions.” The fact is that there is a rather large number 
of papers containing results of the character mentioned. 
In an admittedly incomplete bibliography the reviewer [On 
numerical approximation, pp. 99-115, Univ. of Wisconsin 
Press, Madison, 1959; MR 20 #6788] has listed 35 refer- 
ences many of which have results in this field. The list 
has recently been extended by A. H. Stroud. 

While the numerical quadrature field for functions of 
several variables has no cohesive theory the author makes 
no use of the formulations that do exist to better orient 
his work. Thus the use of certain and of car- 
tesian products was described by Hammer and Wymore 
[Math. Tables Aids Comput. 11 (1987), 59-67 ; MR 19, 323]. 
In terms of using regular lattices the formulas given have 
evaluation points on the boundary of the square and this 
is not necessary nor may it always be desirable. No men- 


tion is made of formulas such as the Radon 7-point for- 
mula which holds for fifth polynomials in two 
variables. Radon (Monatsh. Math. 52 (1948), 286-300; 
MR 11, 405) also gives a rigorous error analysis. 

P. C: Hammer (Madison, Wis.) 


1076: 
Rabinowitz, Philip. Abscissas and for Lobatto 
quadrature of high order. Math. Comput. 14 (1960), 47- 


~~ thane for the range —1 to +1, uses 
n=2m-+1 abscissae, including the terminal points, sym- 
metric about the mid-point, and the error is a multiple of 
the derivative of order 2n —2. Tables are given to 19D for 
weights and abscissae for n = 5(4)25(8)49 and 65, together 
with details of calculation and checking procedures. Re- 
sults for n= 81 and 97 have been deposited, it is stated, in 
the Unpublished Mathematical Tables File. 


L. Fox (Oxford) 


1077: 

Thm, P. Zur numerischen Integration i 
Normalverteilungen. Metrika 3 (1960), 74-78. (English 
summary) 

The author considers a random vector (2), ---, Zn) 
having an n-dimensional normal distribution with zero 
expectation-vector and covariance-matrix 
where £ is the unit matrix, d is the vector (1, ---, 1), and 
8= +1, with b>nifs=—1. He notes that the probability 
that z1;2¢, --+,2,2c is then equal to the expectation of 
Nalts/(62-+en) — c4/n), where ¢ is a reduced normal variate 
and N,(u) is the cumulative distribution-function for the 
algebraically greatest of the numbers (i= 1, ---, 
where 7 denotes (yi+---+¥n)/n, and the y's are inde- 
pendent reduced normal variates. The function N,(u) has 
been tabulated by K. R. Nair [Biometrika 35 (1948), 118— 
144; MR 9, 602]. H. P. Mulholland (Exeter) 


1078: 

Krylov, V. I.; Filippova, M. A.; Frolova,M.F. Calcula- 
tion of an indefinite integra! with 2 small number of values 
of the i Trudy Mat. Inst. Steklov. 53 (1959), 
283-301. (Russian) 

As it is well known, Gauss’s numerical integration for- 
mula for computing J = f(z)dx with n points x1, ---, 
in the interval [a, 6] gives exact values of J whenever f(z) 
is a polynomial of degree at most 2n— 1. The authors show 
that by choosing » points x, ---, 2, in [a, b] and m points 
of the form 2; + kij(b—a), where ky is an integer, and ex- 
pressing J as an integral of an interpolating polynomial of 
f(x) corresponding to these +m points, an integration 
formula is obtained which is accurate for every poly- 
nomial up to degree 2n+m-—1, provided 2, ---, %, are 
properly chosen. Explicit formulas for n= 1, m=4; n=2, 
m= 2, 4, 6, 8; n=3, m=2, 6 are given. The values of an 
elliptic integral of the first kind are computed by using 
the formulas corresponding to n = 2, m= 2 and n=3, m= 2. 
In the latter case the computed values with 6—a=0.1 
agree with the values given in 10-place Legendre tables of 
integrals. The same integral is computed using 4 and 6- 
point Gregory formula. The tabulated values show that the 
authors’ formulas with the same number of points give 
higher accuracy. However, ry’s formula which uses 
equally spaced: points is accurate only for polynomials of 
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1079-1084 


degree not exceeding n + 1. Therefore a fair comparison of 
the accuracy could be obtained with the Gauss formula 
that is obtained from the authors’ formulas for m=0. 
When the value of an integral over [a, 6] is required 
Gauss’ formula is preferable to the formulas derived in the 
paper, since the former is accurate for polynomials of 
degree 2m +2n—1 when m+n points in [a, 6] are chosen, 
while the formulas of the paper with the same number of 
points, spread over length of the interval several times the 
length [a,b] are accurate only for polynomials of degree 
2n +m—1. However, when the values of the integral over 
successive sequence of equal intervals are required, the 
proposed formulas are preferable since they give higher 
accuracy with the same number of points per interval than 
the Gauss formula. ©. Masaitis (Aberdeen, Md.) 


1079: 

Yanagihara, Hiroki. Collection of “A new numerical 
integration formula of Gauss’s type (III)”. Bull. Fukuoka 
Gakugei Univ. III 8 (1958), 17-24. (Japanese) 

The paper is concerned with the approximation of the 
integral 


E(f) = Sens, +++, -daty 


with the weighted sum Rif)= =0 asf (Ary, 
In view of the result due to P. Davis to the effect that 
|Z(f)| «|||, the author gives several examples of choos- 
ing a set of constants {a;} and N points Aj = (A15, - -, Any) 
(j=1, 2, ---, N) in which the first M + 1 coefficients, such 
as m,+m2e+--- +m, are not greater than YM, in the ex- 
pansion of a? will vanish. T. Kitagawa (Fukuoka) 


1080: 

Simonsen, W. On numerical differentiation of functions 
of several variables. Skand. Aktuarietidskr. 1959, 73- 
89. 

The author extends to functions of two variables his 
analysis of the remainder term in formulae for numerical 
differentiation [Skand. Aktuarietidskr. 40 (1957), 60-70; 
MR 19, 1082]. He assumes that the nodes (z,, y,) form a 
rectangular grid with m+1 points in each row and n+1 
points in each column. The differentiation formula in 
question, for 

Sidhu, y) = (x, y)/datdy (i m,j Sn), 

is obtained by differentiating Lagrange’s interpolation 
polynomial i-times with respect to x and j-times with 
respect to y. For the corresponding remainder term, Rf, 
an integral representation is established, from which a 
number of more practical representations are derived, the 
precise forms of which depend on the location of the point 
(x, y). In the simplest case, 


Rf = (pO(x)/(m+ y) 
+ (g(y)/(m + 2) 
— (pO (x) /(m + + 9), 


where p(x) —2,), =I 0 (y—y-) and are 

indeterminate intermediate values. In other cases similar 

representations hold involving three, five or eight terms. 
Walter Gautschi (Oak Ridge, Tenn.) 


1081 : 

Delsarte, Jean. Sur quelques difficultés arithmétiques 
qui peuvent se présenter dans la résolution numérique de 
certains aux limites. Symposium on the 
numerical treatment of partial differential equations with 
real characteristics : Proceedings of the Rome Symposium 
(28-29-30 January 1959) organized by the Provisional 
International Computation Centre, pp. 17-23. Libreria 
Eredi Virgilio Veschi, Rome, 1959. xii+158 pp. 

Author’s summary: “L’exemple examiné ici est trés 
simple et se rapporte a l’équation des cordes vibrantes. 
Un certain systéme d’équations aux différences finies est 
exactement équivalent 4 cette équation, ou non, suivant 
que certains rapports, donnés, sont incommensurables, ou 
non. 

“Tl y a la un bel exemple d’instabilité numérique, de 
nature arithmétique, qui montre combien il faut se défier 
du procédé de substitution des équations aux différences 
finies, 4 des équations aux dérivées partielles, surtout 
quand les données sont portées par des courbes. 

“* A beaucoup d’égard il semblerait plus naturel de sub- 
stituer & des données portées par des courbes, certaines 
‘moyennes’ prises dans de petits domaines balayant des 
‘bandes’.”’ D. G. Aronson (Minneapolis, Minn.) 


1082: 

Anderson, W. H.; Ball, R. B.; Voss, J. R. A numerical 
method for solving control differential equations on digital 
computers. J. Assoc. Comput. Mach. 7 (1960), 61-68. 

The authors, amplifying an unpublished idea due to 
R. B. Reddy, show that in obtaining the numerical solu- 
tion of certain classes of nonlinear differential equations it 
is sometimes more convenient and accurate to combine 
numerical and exact solutions. 

R. E. Bellman (Santa Monica, Calif.) 


1083 : 
Ficken, F. A. Linear and nonlinear equations; local 
and global properties. SIAM Rev. 2 (1960), 11-14. 


1084: 

Schechter, E. De la délimitation des erreurs dans cer- 
tains procédés d’intégration numérique des équations dif- 
férentielles. Acad. R. P. Romine. Fil. Cluj. Stud. Cerc. 
Mat. 9 (1958), 343-350. (Romanian. Russian and 
French summaries) 

L’A., tout en poursuivant |’une de ces études antérieures 
[Acad. R. P. Romine. Fil. Cluj. Stud. Cerc. Mat. 8 (1957), 
115-124; MR 21 #5275), indique quelques délimitations 
des erreurs qui surviennent lors de l’intégration des 
équations différentielles y'=f(z, y), y(zo)=yo au moyen 
de formules de type 


= Fm, hm; f]+5m (m = 0,1, ---,n—1), 


ou 2; sont n points de |’intervalle d’intégration numérique 
choisis, 9; (Jo= yo) sont les n valeurs approximatives cal- 
culées dans ces points, hm=2mii—%m et Sm est l’erreur 
d’arrondissement commise correspondant au pas d’ordre 
m+1. Les délimitations indiquées sont basées sur le 
Théoréme: Si pour Yil(z)SyS Y2(z), pm= 
Gm—Yy(Zm), An= Gm —GJm-i1(%m), On 


Vinégalité f,'(z, y)< A(z), or f,'(z, est une fonction 
continue et A(z) est intégrable, a lieu la délimitation 


Quelques uns des résultats obtenus s’étendent ensuite aux 
systémes d’équations 


Ys = yi, Y2, Yim(Zm) = Yim, 
(j = 1,2, ---,n;m = 1, 2, ---, v). 


D. Mangeron (Lagi) 


1085 : 

Toktalaeva, 8. 8. Ordinate formulas for numerical 
integration of ordi differential equations of first order. 
Vyéisl. Mat. 5 (1959), 3-57 (Russian) 

The author tabulates multi-step formulas of the form 
Yn+k —Ynsi=h Of order k where k=1(1)6 
and 1=0(1)k—1, t= —1(1)k—2 for each k. Two methods 
are described of systematically deriving such formulas. 
The relative merits of these formulas are discussed ai 
great length from the point of view of local accuracy, 
number of arithmetic operations and storage require- 
ments on high-speed computers. No consideration is given 
to stability properties. Various predictor-corrector schemes 
are proposed and compared with each other in connection 
with formulas involving points “ahead” (i.e., with i> 0). 
Finally, sets of starting formulas are listed with detailed 
comments on their use on high-speed computers. 

Walter Gautschi (Oak Ridge, Tenn.) 


1086: 

Radok, J. R.M. Method of functional extrapolation for 
the numerical integration of ordinary differential equations. 
J. Soc. Indust. Appl. Math. 7 (1959), 425-430. 

A method of functional extrapolation is applied to the 
numerical solution of the initial value problem for systems 
of ordinary differential equations. The special case of ex- 
ponential extrapolation and a single equation can be 
described as follows. Let x’ =f(z, t), x(0)=2o, and assume 


a local expansion 
X(t) = Aot+ 5 em, 
k=l 


where both the A,’s and the w,’s are to be determined. 
Assume that x‘*)(0) =a; can be evaluated for k=0, ---, 2n. 
Since X(é) satisfies a differential equation of the form 
Diao = 0, {ax} can be used to find {p;} by dif- 
ferentiating this relation. Then {p;} can be used to find 
{wz}. Finally, {Az} can be determined. The resulting X(¢) 
is a correct approximation of z(t) to O(¢2"+1) terms. The 
procedure for systems is similar, though obviously more 
complicated. An intuitive criterion is offered for choosing 
the time step. No proofs are presented to establish the 
mathematical validity of the method, but numerical ex- 
amples are promised in a future paper. The procedure 
seems subject to some practical limitations to the re- 

a although the extent cannot be determined from 


this preliminary paper. J. Douglas, Jr. (Houston, Tex.) 


1087: 

Trench, William F. On an explicit method for the 
solution of a Stefan problem. J. Soc. Indust. Appl. Math. 
7 (1959), 184-204. 


The Stefan problem is a free boundary problem for the 


heat equation arising physically in melting of ice or re- 
crystallization of metals. The author treats a simple Stefan 
problem numerically by an explicit difference equation. 
He shows that the problem has a solution for all positive 
time and that the solution of the difference equation con- 
verges to the solution of the differential system, including 
the determination of the position of the free boundary. 
His proof is similar to that given for an implicit difference 
analogue due to the reviewer and Gallie [Duke Math. J. 22 
(1955), 557-571; MR 17, 1241]. 


J. Douglas, Jr. (Houston, Tex.) 


1088 : 

Kreiss, Heinz-Otto. Uber die 
hoher Genauigkeit bei Anfangswertproblemen fiir par-— 
tielle Differentialgleichungen. Numer. Math. 1 (1959), 
186-202. 

A princi om Consider a system 
du/ dt = t)@u/dx, for m functions of and s space- 
variables z, where A,(z, t) are hermitian with elements in 
C.41. Approximate u(x,t) by u(x, t, k) at the points of a 

lattice with space step size h and time step k, 
with mesh ratio \=k/h™. First form a system of difference 
equations 

u(x, t, k) 


w(x, t+k, k) 


where (a) P(x, t, A) is an odd polynomial in the central z 
difference operators A,(2h) the coefficients of which are 
hermitian and in rational functions of A,(z, t); 
(b) the order of the local truncation error for this approxi- 
mation to the system of differential equations is at least 
a 21; (c)Q, are odd polynomials in P with real coefficients. 
Then there exist positive constants c; and cz such that the 
family of systems of difference equations 


t+k, k) = (I-(-1)?0 Ar (h) t, k) 


+ tk, A) ue, 


where p =[(a + 2)/2] is stable according to the definition of 
R. D. Richtmyer [Difference methods for initial-value 

, Interscience, New York, 1957; MR 20 #438] for 
0<rSci, 0<ASce, and the truncation error is still of 
order 2a. 

A similar construction of stable families of difference 
systems with truncation error of order 2a is given for 
parabolic systems du/dt= P(x, t, where P is a 
strongly negative elliptic linear differential operator of 
order 2m. Particular forms for the required Q, can be 
found, for example, by using analogs of Adams’s interpola- 
tion or extrapolation methods. Also, from the asserted 
stability it follows that ||w(x, t)— u(x, t, 

J. H. Giese (Aberdeen, Md.) 


1089a : 

Baker, George A., Jr.; Oliphant, Thomas A. —. 
numerical method for solving the two-dimensional heat 
equation. Quart. Appl. Math. 17 (1959/60), 361-373. 


1089b : 


solving 
Appl. Math. 17 (1959/60), 440-443. 
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1089c-1095 


1089¢ : 

Baker, George A., Jr. Note on the solution of the 
neutron diffusion problem by an implicit numerical 
method. Quart. Appl. Math. 17 (1959), 314-316. 


The first of these papers develops a new implicit differ- 
ence scheme for the solution of the two-dimensional time 
dependent heat equation. This method is claimed to have 
the advantage that the difference equations are solved 
exactly over the plane mesh at each time step, as con- 
trasted with the Douglas-Peaceman method of alternating 
directions, which treats only one direction exactly at each 
time step. 

The second paper is a brief exposition of the extension 
of the analysis to more dimensions. 

The third paper discusses a modification of the method 
to the case, important in multigroup diffusion calculations, 
of the steady state diffusion equation driven by a fixed 
source. R. R. Coveyou (Oak Ridge, Tenn.) 


1090: 

Yanenko, N. N.; Sutkov, V. A.; Pogodin, Yu. Ya. 
Difference solution of the heat equation in curvilinear co- 
ordinates. Dokl. Akad. Nauk SSSR 128 (1959), 903-905. 
(Russian) 

The authors propose a new difference system for the 
parabolic equation 


2 


where ay is constant and @1;4¢22 —@12? > 0. The method is 
an alternating direction method similar to those studied 
by Peaceman, Rachford, and the reviewer over the past 
several years. In the case of the heat equation, the method 
proposed is inferior to the known ones, which have not 
been extended to their equation. The authors fail to point 
out their algebraic advantage over standard implicit 
methods. Applications to heat conduction problems using 
Lagrangian coordinates are indicated. 

J. Douglas, Jr. (Houston, Tex.) 


1091: 

Lowan, Arnold N. On the stability of the two-dimen- 
sional “alternating direction implicit scheme”. Bul. Inst. 
Politehn. Iagi (N.S.) 4 (8) (1958), no. 3-4, 69-72. (Russian 
and Romanian summaries) 

The author attempts to demonstrate the stability of an 
alternating direction method for the heat equation on an 
arbitrary two-dimensional region. The proof fails because 
the author does not notice that |1—4a|>1 if «>1/2. A 
much more general result has been derived recently by 
J. Douglas, Jr. (Houston, Tex.) 


Approximate solutions of parabolic equa- 

tions. J. Soc. Indust. Appl. Math. 7 (1959), 167-183. 
This is an important paper on the problem of the con- 
vergence of numerical solutions of partial differential 
equations. The author bases his analysis on the energy 
method that has been valuable in discussing weak solutions 
of partial differential equations. Using a norm combining 
the discrete Lz norms of a function and its z-differ- 
ence and a discrete version of the Gronwall lemma, the 
author first derives a priori bounds for solutions of linear 
parabolic difference equations. He then applies these 


bounds to establish convergence for a backward difference 
analogue of the nonlinear parabolic equation (p(z, t)uz)z 
= F(x, t, u, uz, uw); similarly, he treats Crank-Nicolson 
type difference equations. Some of the results can be ob- 
tained by simpler methods, but the author has recently 
applied the energy methods to more difficult problems 
that had resisted attack by the simpler methods. 


J. Douglas, Jr. (Houston, Tex.) 


1093: 

Davidenko, D. F.; Biryuk, G. I. On the solution of 
Dirichlet’s interval problem for Laplace’s equation by the 
use of nets. Dokl. Akad. Nauk SSSR 129 (1959), 246- 
249. (Russian) 

The authors discuss high order correct difference 
approximations to Laplace’s equation in the plane for the 
Dirichlet problem. The difference equation obtained is a 
nine-point formula that is accurate to O(h5) at arbitrary 
points of the mesh and agrees with the usual nine-point 
formula at interior, regular grid points. The formula 
occupies one full page. The results of an application of the 
method to an elliptical region indicate the claimed 
accuracy. J. Douglas, Jr. (Houston, Tex.) 


1094: 

Ablow, C. M.; Perry, C. L. Iterative solutions of the 
Dirichlet problem for Au=u?. J. Soc. Indust. Appl. Math. 
7 (1959), 459-467. 

Three iterative methods for establishing the existence 
of non-negative solutions of the Dirichlet problem for 
Au=bu?, b>0, with non-negative boundary values are 
considered. The first is based on Kantorovich’s generaliza- 
tion of Newton’s method as applied to an integral equation 
equivalent to the stated problem, the second on replacing 
the right hand side by the square of the old iterate, and 
the third on replacing the right hand side by the product 
of the old and new iterates. The first two converge for 
6 sufficiently small, and the third for all b. The authors 
point out that it is not clear that the solution produced by 
the Newton iteration is non-negative, but the convergence 
is more rapid. No attempt to extend the results to numer- 
ical methods is given, but presumably analogous results 


would hold. J. Douglas, Jr. (Houston, Tex.) 
1095: 

Bialy, Horst. Iterative linearer Funk- 
tionalgleich Arch. Rational Mech. Anal. 4, 166— 
176 (1959). 


Let A be a bounded linear transformation of non- 
negative type in Hilbert space H (i.e., (Az, xz) 20 for all 
x € H), and let P(A) and II(A) be the projections on the 
nullspace and the closure of the range of A 
Then P(A) and II(A) are orthogonal with sum equal to the 
unit transformation. The following main theorem, general- 
ising a theorem of V. M. Fridman [Uspehi Mat. Nauk 11 
(1956), no. 1 (67), 233-234; MR 17, 861), is proved: If 
y €H, H, and the iteration procedure 
Ln are given, then (i) Az,—>II(A)y, 
(ii) 2, itself converges if and only if the equation Az=y 
has a solution, and then z,—>P(A)zo+#, where # is the 
solution of Ax=y of minimal norm. 

Several generalizations are considered ; in one of these 


A is merely required to be Hermitian, 0 <1 


and the iteration is now 2, + (— y— Azy-1). 
Then (i) and (ii) hold again. , two numerical ex- 
amples are presented. A.C. Zaanen (Pasadena, Calif.) 


1096 : 

Oulés, Hubert. Sur la résolution numérique de l’équa- 
tion intégrale de Volterra de seconde espéce. C. R. Acad. 
Sci. Paris 250 (1960), 964-965. 

This paper is concerned with the numerical solution of a 
Volterra-equation 


The author applies the ideas used in the derivation of 
Runge-Kutta type methods for differential-equation 
problems directly to this integral equation and arrives at 
a technique equivalent to Heun’s method. 

W. C. Rheinboldt (Syracuse, N.Y.) 


1097: 

Lebedev, V. I. Estimation of the error involved in the 
method of nets for the Dirichlet and the Neumann problems. 
Dokl. Akad. Nauk SSSR 128 (1959), 665-667. (Russian) 

Bounds for the errors in the first differences of the solu- 
tion of either the Dirichlet problem or the Neumann prob- 
lem for Laplace’s equation are derived. The region is 
allowed to be quite general, and the assumptions on the 
exact solution are modest. The deviation between the 
exact first differences and the first differences obtained 
from the solution of the usual difference analogue of Lap- 
lace’s equation is shown to be O(h), O(—h® log h), or 
O( —h log h), depending on the smoothness of the solution 
of the differential equation. The proof is sketched ; it ap- 
pears limited to Laplace’s equation in two variables for 
the Neumann problem. J. Douglas, Jr. (Houston, Tex.) 


1098 : 

Bal, Lascu; Radé, Francisc. ~Lectii de nomografie. 
{Lectures on nomography. ] Academia Republicii Popu- 
lare Romine Stiinté gi Tehnic’, 7. Editura Tehnica, 
Bucharest, 1956. 179 pp. Paperbound: Lei 5.65. 

The book represents the course given in 1955 to en- 
gineers and technicians. Treated are: Nomograms for 
equations with two variables, with three variables (6 
types), order and class of nomograms, nomograms with 
several variables, projective and homographic transforma- 
tion of nomograms, classification of nomograms. 

All nomograms are constructed from determinants. No 
geometric constructions are given. The presentation is 
good and well illustrated by solved examples. The little 
book is written along the lines of the books by M. W. Pent- 
kovskii [Nomografiya, Gosudarstv. Izdat. Tehn.-Teor. Lit., 
Moscow-Leningrad, 1949; MR 13, 78] and B. A. Nevakil 


Teor. Lit., Mosco 
tikum der Ni 
Berlin, 1955; MR 16, 1159}. 

D. Mazkewitsch (Cincinnati, Ohio) 


1099 : 

Nemcova, L. G. On the nomogramming of equations of 
third nomographic order. Dokl. Akad. Nauk SSSR 126 
(1959), 505-507. (Russian) 

The purpose of the paper is to find the geometric sense 


2—.R. 2B 


of the parameters of a nonprojective transformation and 
their use for improvement of nomograms. For the equation 
X(x)+ ¥(y)=2Z(z) nomograms with a rectilinear answer 
scale for z may be constructed, z on one non- 
projective parameter k, and f(z) being determined by in- 
version of Z(z)=f 1/(f?—k)df. Considering the three cases 
kS0, the equations for the answer scale are written down 
containing all four projective parameters. These para- 
meters are determined for each case. The equations of the 
answer scale in each case being known, the other scales 
may be constructed either graphically or analytically. 

D. Mazkewitsch (Cincinnati, Ohio) 


1100: 
Steiskalova, T. Elements of the theory of nets and its 
in . Vyéisl. Mat. 4 (1959), 173- 


per presents some results contained in the book 
by W. Blaschke and G. Bol [Geometrie der Gewebe, Edwards, 
Ann Arbor, Mich., 1944; MR 6, 19] which are of interest in 
nomography. In the paragraph on application of the theory 
of nets in nomography, the author proves the theorem : 
In order that the equation F(z, y, 2)=0 be an equation of 
the third nomographic order it is and sufficient 
that of the six equations F(zo, yi, z1)=0, F(xo, y2, z2)= 
0, F(x:, y2,23)=0, F(x2, yo,23)=0, yo, z1)=0 
F (x2, yo, z2)=0 each should follow from the other five. 
D. Mazkewitsch (Cincinnati, Ohio) 


1101: 

Aumann, Georg. Uber approximative Nomographie. I. 
Bayer. Akad. Wiss. Math.-Nat. Kl. 8.-B. 1958, 137-155. 
_ Es sei M ein bestimmter nomographischer Mechanismus 
und ¢(M, D) die Gesamtheit der auf einem Definitions- 
bereich D definierten Funktionen, die sich mittels M 
exakt darstellen lassen. Gegenstand der “approximativen 
Nomographie”’ ist das Problem der Approximation einer 
auf D definierten Funktion f durch » €¢ im Sinne eines 
Approximationsmasses. Verlangt man abschwachend nur, 
dass ¢ irgendeine von auf D definierten Funktionen 
so gehért z.B. das klassische Tschebyschefische 
Problem zur approximativen Nomographie. —Verf. be- 
handelt hier zunichst die Aufgabe der Ap 
einer reellen p x g-Matrix A =(a,) durch eine Matrix Z= 
(%:+yx), wobei |A— Z| =max; — +yx)| minimal 
ausfallen soll. Es wird ein Verfahren ben, das in 
endlich vielen Schritten zum Ziel fiihrt. numerische 
Zwecke wird ferner ein iterativer Algorithmus (die 
“alternierende Symmetrisierung’’ einer Matrix) entwickelt, 
der gewisse ausgezeichnete Lésungen der Aufgabe ergibt. 
Es sei Z(A)=(ay') mit ay’ #(max, d+ mina aa) 
(Zeil ensymmetrisierung) und S(A)=(aa") mit aun" 
aj, + min, (Spaltensymmetrisierung). Die durch 
(*) A® = A, = S(A®@)), — 
definierte Symmetrisierungsfolge A® konvergiert dann 
gegen eine Matrix A* (in (*) kann man auch mit einer 
Zeilensymmetrisie.ung beginnen). A* hat die spezielle 
Eigenschaft der v-Symmetrie : 


min au* = —max = 1,2, --+,p), 


min n° — max (k = 1, 2, ---,q). 


Z=A—A* ist eine beste Approximation (z;+ yx), und es 
gilt |A-Z'| = 

J. Schréder (Hamburg) 
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1102-1107 


1102; 

Aumann, Georg. Lineare Approximationen auf einem 
Geflecht. Arch. Math. 10 (1959), 267-272. 

Unter einem Geflecht versteht der Verf. eine endliche 
Menge M, in welcher zwei disjunkte Zerlegungen M = 

M =(J;B; gegeben sind, wobei (1) jede der Mengen 

«, B; mindestens zweipunktig, (2) jeder Durchschnitt 
A; B; héchstens einpunktig ist. (Der Spezialfall einer 
Matrix M mit mehreren Zeilen A; und Spalten B; wurde 
bereits in einer friiheren Arbeit behandelt [#1101].) ¢ sei 
die Gesamtheit der Linearkombinationen p=); xa;+ 
>; yy; aus den charakteristischen Funktionen a; und }; 
der Mengen A; bzw. B; mit reellen Zahlen 2;, y;. Fiir eine 

ebene Funktion f|M ist ein ped mit minimalem 

Tschebyscheffabstand || f— || cht (TA-Problem). Es 
wird die A-Symmetrisierung f,|M durch 


fa J—4 (max f+minf) 


auf A; und fs|M entsprechend erklirt und die Sym- 
metrisierungsfolge durch fM=/f, f(2e+) =f, (2m), 


= definiert. Diese Folge konvergiert gegen 


- it =i 
es gilt || f | {if 


1103: 

, V. A.; Diems-Levi, G. E. Calculation of 
approximate nomograms on high-speed computers. Vyéisl. 
Mat. 4 (1959), 159-161. (Russian) 

The class of equation solvable by means of an alignment 
chart can be considerably widened if approximate charts 
are admitted. Authors show a method realized on the com- 
puter STRELA. A surface z= F(z, y), asx<sb, csy<d, 
F(x)- F(y)#0 is considered. The starting information for 
the machine is the program for the calculation of z= 
F(xo, yo), Az, Ay, after which the machine computes 256 
values of the function. These values serve for the con- 
struction of the nomogram. 

D. Mazkewitsch (Cincinnati, Ohio) 


1104: 

Denisyuk, I. N. Some polynomials and a nomogram 
for their construction. Vytisl. Mat. 4 (1959), 167-172. 
(Russian) 

In an earlier paper the author introduced the generalized 
Laguerre polynomial L,(¢,1) and later discussed the 
coefficients of this polynomial. He represents now the 
coefficients as 

(A—1)FAn*(A) 
an¥(A) = = 


where A,*(A) = are new polynomials with 
coefficients af ,, indepen ent of the parameter. They are 
solutions of the boundary problem for a partial difference 
equation with nine equations—boundary conditions. 
Paper gives a nomographic method for the solution of the 
boundary problem. Mazkewitsch (Cincinnati, Ohio) 


1105: 
Kublanovskaya, V. N.; Smirnova, T. N. Zeros of Han- 
kel functions and certain other other functions associated with 


them. Trudy Mat. Inst. Steklov. 5% (1959), 186-191. 
(Russian) 


Tables are given of the zeros of the polynomials P,))(z), 
Qn‘)(z) (not Legendre functions) defined as 
n (n+k)! 

P,™(z) = 2 — 

Qn (2) = (2), 
for n=1 to n=30. From these, the zeros of the functions 

and their derivatives are immediately obtained ; H is the 
usual Hankel function and k=1, 2. 
F. M. Arscott (London) 


1106: 

Dempsey, E.; Benson, G. C. Tables of the modified 
Bessel functions of the second kind for particular types of 
argument. Canad. J. Phys. 38 (1960), 399-424. 

This paper contains tables of the modified Bessel func- 
tions and ) for n=0(1)10 and g= 
1(1)250, and tables of and for 
n= 0(1)10 and 1(1)300 to ten significant figures. These 
functions are used by the authors in the calculation of 
lattice sums which arise in the theoretical evaluation of 
crystal properties. The paper outlines previous work in 
this field and a very brief description is given of the 
methods used to compute the tables. This would have 
been more illuminating if it could have been much fuller 
and more detailed. In particular no mention is made of 
the British Association tables, and methods of computa- 
tion. 

The tables themselves seem to be photostats made 
directly from the teleprinted output of a computer. In 
consequence they are rather difficult to use, being printed 
in floating point notation, with 50+ the correct power of 
ten before the decimal point, and the function, scaled to 
the range 0<f<1, after the decimal point. For example 
46.123 is to be read as 0.123 x 10-4=0,.0000123. 


L. J. Slater (Cambridge, England) 


COMPUTING MACHINES 


See also 1023, 1049, 1082, 1103, 
1169, 1412, 1473, 1477, 1485, 1486. 


1107: 

Kozma, L. The new digital computer of the Polytech- 
nical University, Budapest. Period. Polytech. Elec. 
Engrg. 3 (1959), 321-343. 

This is a description of a variable, but not stored, pro- 
gram, floating point binary digital computer, constructed 
from telephone by the Polytechnical University. 
The computer was constructed for teaching purposes, to 
make available an example of digital techniques to stu- 
dents in engineering, in order to “inculcate ...a novel 
conception of switching techniques’’. Programs are placed 
in the machine on perforated “insulating material’’ con- 
taining up to 45 program steps. Input-output of data, via 
electric typewriter, is automatically converted between 
decimal and binary number systems. The formulation, 
but not programs, for determining roots of a cubic by New- 
ton’s method, for calculation of natural logarithms, for 
calculation of Erlang’s formula for telephone traffic, and 
conversion by halving and doubling, are given. The equip- 
ment, apparently comparable to the U.S. relay computers 


of about 1948, is not the only one in Hungary, a more 
modern equipment being stated as being built by the 
Institute of Cybernetic Research. 

J. W. Carr, III (Chapel Hill, N.C.) 


1108: 
Razumovskii, S. N. On automatic coding in program- 
ming language translation problems. Dokl. Akad. Nauk 
SSSR (N.S.) 118 (1957), 760-761. 


(Russian) 


sur la structure de certains 

” artificiels utilisés dans les calculateurs numér- 

iques automatiques. Chiffres 2 (1959), 1-20. (English, 
German and Russian summaries) 

The author describes some problems arising in the 
automatic translation of algebraic formulae such as 
{ax (c+f)/d—bxe}/f—a into machine code, which for 
that example may read as follows (for a = pe oe 
machine): c+f—a; axa—>B; B/d—y; bxe+8; y—8-0; 
6/f+p; p—a-—>. Although the author does not treat the 
translating process as such, he discusses some possible 
ways to represent the structure of such formulae by 
sequences of numbers. 

The author calls the proposed representations “inter- 
mediate languages”. One of them defines a formula simply 
by listing for every operation symbol its relative position 
and the adjacent operands. Hereby an operand which is 
an intermediate result (e.g., the postoperand c+f of the 
first multiplication) is referred to by the serial number of 
the operation symbol yielding that operand. Thus we have 
for the formula above the following representation (with 
slight modification from the author’s notations) : 


“Ann. Assoc. Internat. Caloul. Anal. 
2 (1960), 5-12. 


.MECHANICS OF PARTICLES AND SYSTEMS 
See also 1404, 1415, 1416, 1417, 1418. 


1112: 

Miiller, Hans Robert. Zur von Hiillflichen 
in der riumlichen Kinematik. Monatsh. Math. 63 (1959), 
231-240. 

Der Verfasser hat friiher [Arch. Math. 4 (1953), 239- 


1108-1114 


246; MR 15, 171] in der ebenen Kinematik simtliche in 
der Gang- bzw. Rastebene befesti Hiillkurvenpaare 
explizit angeben kénnen; dabei wurde die Ratgetennl 
(das Verhiltnis der Geschwindigkeiten der 

spunkte) als Funktion der Zeit vorgegeben. Dasselbe 
Problem wurde spater fiir die sphirische Kinematik be- 
handelt [ibid. 6 (1955), 471-480; “MR 17, 676}. In ahnlicher 
Weise wird jetzt fiir einen riumlichen ‘zwanglivufigen Be- 
wegungsvorgang das Problem des Aufsuchens zusam- 
mengehoriger Hiillflichenpaare behandelt. Im Gangraum 
denkt man sich eine Flache ¢, sie hiillt beim Bewegungs- 
vorgang, der durch die Momentanschraube bestimmt ist, 
eine Flache ¢’ des Rastraumes ein. Die Bertihrung erfolgt 
zu jedem Zeitpunkt ¢ der Charakteristik K(t, u). 
Die analytische Behandlung fihrt dazu, zwei skalare 
Funktionen (u,¢) vorzugeben, welche der Rollgleitzahl 
des ebenen Falles entsprechen. Fiir die Bestimmung von 
¢, ¢ entsteht ein System von drei partiellen Differential- 
gleichungen, das im homogenen Fall auf eine einzige 
Gleichung zuriickgefiihrt wird, welche eine Verallgemeiner- 
ung der Riccatischen Gleichung der spharischen Kinematik 
ist. Eine p- Lésung des Problemes ist nicht 
méglich. Als Beispiel behandelt der Verf. das Hypoid- 
getriebe. O. Bottema (Delft) 


1113: 

Wolford, J. C. An method for locating the 
Burmester points for five infinitesimally positions 
of the coupler plane of a four-bar mechanism. J. Appl. 
Mech, 27 (1960), 182-186. 

There are in a moving plane at each moment four points 
of which five infinitesimally separated positions lie on a 
circle. The author considers the radius of curvature of an 
arbitrary point; its first and second derivatives must be 
zero. An equation of the fourth degree is obtained the coots 
of which determine these Burmester points. In the case of 
a four-bar mechanism two points are known beforehand 
and the problem reduces to a quadratic equation. A 
numerical example is given and the solution compared 
with the result of Miiller’s graphical method. 

O. Bottema (Delft) 


1114: 

Paul, B. A unified criterion for the of constraint 
of plane kinematic chains. J. Appl. Mech. 27 (1960), 
196-200. 

It is well known that the Griibler formulas giving the 
number z of degrees of freedom of a linkage are only valid in 
the “general case’. The author developes a new technique 
for the determination of z, making use of ideas from the 
theory of graphs. If one traces a loop in the kinematic 
chain, then equating to zero the vector sum of the closed 
polygon will give two equations for the lengths of the links 
and their angles with a fixed axis. Differentiating with 
respect to time gives linear equations for the angular 
velocities. Hence the theorem : z is the difference between 
the number of moving links and twice the number of 
independent loops. Special cases are discussed. In the non- 
singular case the number of independent loops is shown to 
be just sufficient to provide the correct number of equa- 


O. Bottema (Delft) 
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translation into machine code quite simple. _ 
H. Rutishauser (Zirich) 
1110: 
Kéhler, Heinz. Die Netzwerkrechenmaschine LHB 
der Firma Linke-Hofmann-Busch Salzgitter-Watenstedt. 
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1115-1123 


1115: 
Meyer zur Capellen,W. Die Extrema der 
im ebenen und sphirischen Kurbeltrieben. Ing.-Arch. 27 
(1960), 352-364. 
tzung heisst das Verhiltnis zwischen Abtrieb- 
und Antriebwinkelgeschwindigkeit. Aus geometrischen 
Betrachtungen werden Siatze iiber das Extremum der 
gefunden [vgl. Meyer zur Capellen, Ing.- 
Arch. 25 (1957), 140-154; MR 19, 77; Freudenstein, 
Trans. A.8.M.E. 78 (1956), 779-787; MR 17, 1145]: es 
tritt auf, wenn die relative Polbahntangente senkrecht 
zum Steg steht ; der Durchmesser des Wendekreises einen 
stationiiren Wert hat; bei der Viergelenkkette die Kol- 
lineationsachse senkrecht zur Koppellinie steht. Verf. 
fihrt die Ermittlung des Extremums durch fiir ein 
Getriebe mit zwei Viergelenkketten. Es zeigt sich, dass 
mehrere diesbeziigliche Sitze der ebenen Kinematik auf 
spharische Getriebe iibertragen werden kénnen. 
O. Bottema (Delft) 


R. 8. synthesis 

of spatial Te J. Appl. Mech. 27 (1960), 201-206. 
Freudenstein’s synthesis [Trans. A.S.M.E. 77 (1955), 
853-861; MR 17, 203] is generalized to spatial linkages, 
the general idea being the following. If 6; and 62 are the 
input and output variable of the mechanism assume that 
the equation between them may be written in the form 
62)=9(61, 02), where f, g are given functions 
and k; design parameters. Then if to n given values of @; cor- 
respond n prescribed values of 62, n linear equations for k, 
follow. The authors consider three examples of spatial link- 
ages, give numerical data and determine the design para- 
meters by means of a computer. In each case the relation 
between 6, and 62 has to be reduced to the form men- 
tioned. The examples are: the spherical four-bar linkage 
(n=3); a variation thereof, two turning pairs being re- 
placed by ball-and-socket joints (n= 7); another variation 
with three cylinder pairs (n =3). O. Bottema (Delft) 


KR. Z zwischen Kolbenweg und 
Kurbelwinke: bei Kurbelschleifen. Z. Angew. Math. 
Mech. 38 (1958), 405-409. 
1118: 

Marsicano, F. R. a “ with three 
degrees of freedom. An. ee 169 (1960), 


1119: 


chains. Aero. Quart. 11 (1960) 99-103. 
Author’s summary : “Simple relations among the coeffi- 
cients appearing in the admittances of dynamical chains 
are obtained by considering the initial motions which 
follow the application of certain impulses.” 


MECHANICS OF PARTICLES AND SYSTEMS 


1120: 
Harlamova, E.I. Ona solution of the Euler- 
Poisson equations. Prikl. «at. Meh. 23 (1959), 681-690 
(Russian) ; translated as J. Appl. Math. Mech. 23, 975-988. 

Das System der kinetischen und der kinematischen 
Euler-Gleichungen fiir einen schweren starren Kérper mit 
Fixpunkt (unsymmetrischer Kreisel) wird durch geeignete 
Einfihrung neuer Verinderlicher auf 6 algebraische 
Gleichungen reduziert, von denen 2 Lésungen explizit 
angegeben werden kénnen. Die erste dieser Lésungen 
stimmt mit einem von Grioli gefundenen Sonderfall 
iiberein. Die zweite Lésung wird diskutiert und dabei 
festgestellt, daB sie fiir einen normalen Kreisel ohne jede 
praktische Bedeutung ist, weil die bekannte Beziehung 
zwischen den Haupttrigheitsmomenten C<A+B ver- 
letzt wird. Wohl aber ist es denkbar, da8 dieser Fall fiir 
Kreisel mit fliissigkeitsgefiillten Hohlraumen verwirklicht 
werden kann. Der Charakter der Bewegung, also die 
Veranderungen der Kreiselachsen im Raum, werden nicht 
untersucht. K. Magnus (Stuttgart) 


1121: 
Isaeva, L. 8S. On the sufficient conditions of stability of 


rotation of a tippe-top on a perfectly rough horizontal sur- 
face. Prikl. Mat. Meh. 23 (1959), 403-406 (Russian) ; 
translated as J. Appl. Math. Mech. 23, 572-578. 
Der Tippe-top ist ein Spielkreisel von 

Gestalt, bei dem der Schwerpunkt nicht mit dem Kul. 
mittelpunkt zusammenfallt. Fiir den Fall idealen Rollens 
auf der Unterlage werden die Bewegungsgleichungen eines 
derartigen, als symmetrisch vorausgesetzten Kreisels 
aufgestellt. Drei Integrale dieser Gleichungen, das Energie- 
Integral und zwei Impuls-Integrale, kénnen angegeben 
werden. Mit ihrer Hilfe wird eine Ljapunovsche Funktion 
gebildet und nach den Vorschriften der direkten Methode 
von Ljapunov ein Satz von 5 Bedingungen ausgerechnet, 
die hinreichend fiir die Stabilitaét der Bewegungen beziig- 
lich der Koordinaten p, qg, r (Drehgeschwindigkeitskom- 
ponenten) und y;, y2, ys (Richtungscosinus) sind. 

K. Magnus (Stuttgart) 


1122: 

Gulyaev, M. P. On the stability of rotation of a rigid 
body with one point fixed in the Euler case. Prikl. Mat. 
Meh. 23 (1959), 406-408 (Russian) ; translated as J. Appl. 
Math. Mech. 23, 579-582. 

Chetaev hat die direkte Methode von Ljapunov zu 
Stabilitatsuntersuchungen fiir einen kraftefreien, unsym- 
metrischen Kreisel (Euler’scher Fall) verwendet. Er hat 
dabei den bekannten Satz verifiziert, da8 Drehungen um 
die Achsen des kleinsten und des gréBten Haupttragheits- 
momentes beziiglich der Variablen p, g, r (Komponenten 
des Drehvektors) stabil sind, wahrend die Drehung um 
die Achse des mittleren Haupttrigheitsmomentes in- 
stabil ist. Der Verfasser zeigt, daB dasselbe Ergebnis auch 
beziiglich der Variablen y2, ys der 


Kreiselachse) gilt. Magnus (Stuttgart) 


1123: 
Gian, Sy-In. The stability of motion of a gyroscope. 
Prikl. oe ten 23 (1959), 604-605 (Russian) ; translated 


as J. Appl. Math. Mech. 23, 860-863. 
Bedingungen fiir die Stabilitat der Bewegungen eines 
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1116: 

9-22. 
A study of the motion, under the gravitational force, of 
| a homogeneous disk tangent to the perfectly smooth faces 
of a right trihedral. A. G. Azpeitia (Providence, R.I.) 
Duncan, W. J. Some properties of the admittances of 
198 


Ese 


as 


schweren, symmetrischen, kardanisch Kreisels 
wurden von verschiedenen Autoren angegeben. Magnus 
und Rumjantsev verwendeten dafiir die direkte Methode 
von Ljapunov und erhielten auf diese Weise hinreichende 
Stabilitatekriterien. Mit Hilfe eines von Chetaev angege- 
benen Instabilitétesatzes beweist der Verfasser in der vor- 
— Arbeit, daB diese Kriterien auch notwendig 


K. Magnus (Stuttgart) 


1124: 

Ansbacher, F. A note on the overlap i of two 
harmonic oscillator wave functions. Z. Naturf. 14a 
(1959), 889-892. 

Author’s summary: “The overlap integral of two har- 
monic oscillator wave functions, centred about different 
equilibrium positions, and having different force constants, 
is evaluated in terms of a finite sum of polynomials. Re- 
currence relations and the first derivative of the integral 
with respect to the separation parameter are also given.” 


1125: 

Shen, Chi-Neng. of forced oscillations with 
nonlinear second-order terms. J. Appl. Mech. 26 (1959), 
499-502. 

The author discusses the periodic solutions of the non- 


linear 

(Y +BY3)+ Y = G cos pt. 
By an iteration method he determines the approximate 
frequency-response curve as a function of 8, and by a 
variational method combined with a perturbation scheme 
locates the domain of stable solutions. The corresponding 
equation with the damping terms 


dY 


added to the left side is also 
W. E. Boyce (Troy, N.Y.) 


1126: 

Maekawa, Takeshi. On ‘the existence of periodic solu- 
tions for #+2+F sgnz=P cos (wi+s). Bull. Univ. 
Osaka Prefecture Ser. A 7 (1959), 169-175. 

For the case where w is an integer, the conditions for a 
periodic solution are found by linking the separate forms 
of solution, applicable respectively for x20, by means of 
the proper continuity conditions at x=0. The equation 
can represent forced oscillations in a system having an 
initial compression. T. M. Cherry (Melbourne) 


1127: 

Berezkin, E. N. The stability of the unperturbed 
motion of a certain mechanical system. Prikl. Mat. Meh. 
23 (1959), 606-610 (Russian) ; translated as J. Appl. Math. 
Mech. 23, 864-871. 

The author shows by means of a detailed analysis that 
the equilibrium point of the system dz/dt=y, dy/dt= 
(b1+bay)2*, de/dt = —axz—by—cz, where a, b, c, bi, and bs 


1128: 

Can, Sy-In. Stability of motion during a finite time 
interval. Prikl. Mat. Meh. 23 (1959), 230-238 (Russian) ; 
translated as J. Appl. Math. Mech. 23, 333-344. 

Die ungestérte Bewegung eines Systems mit den 
Variablen z, wird als stabil im abgeschlossenen Zeitinter- 
vall t9s¢<T bezeichnet, wenn fiir t=to, >, < « gilt, 
und wenn fiir alle im Interval to<t< die Bezichung 
Dds %*<C erfiillt ist. 7, e, C sind dabei vorgegebene kon- 
stante GréBen. Mit Hilfe dieser Definition werden Kriterien 
fiir die Stabilitat der Lésungen folgender Differential- 
gleichungen abgeleitet: lineare Differentialgleich 
mit konstanten und mit verinderlichen Koeffizienten, 
nichtlineare Gleichungen mit und ohne sstationiires 
Stérglied. Drai von zweiter Ordnung 


(1960), 187-195. 

The response of non-linear systems with several degrees 
of freedom is investigated by transforming the coordinates 
of the system to the principal coordinates of the linear 
part of the system and using a perturbation technique; 
this gives the response at all frequencies that are near to 
one of the natural frequencies of the linear system. The 
effect of the ratio of the linear natural frequencies on the 
form of the solutions is shown. 

G. B. Warburton (Edinburgh) 


1130: 


Hsu, C. 8. On the application of functions in 


non-linear forced oscillations. Quart. Appl. Math. 17 
(1959/60), 393-407. 


Es wird , daB fiir eine Gleichung vom Duffing- 
schen Typ #+2+z*= F(t) ziemlich allgemeine exakte 
Lésungen gefunden werden kénnen, wenn F(t) entweder 
eine einfache Jacobische elliptische Funktion ist oder aus 
mehreren solchen Funktionen besteht. Die z.B. nach der 
Stérungsmethode oder durch Iteration zu gewinnenden 
Niaherungslésungen kénnen als Spezialfille dieser exakten 
Lésungen nachgewiesen werden. Aus dieser Erkenntnis 
wird ein neuartiges Naherungsverfahren zur Bestimmung 
der periodischen Lésungen nichtlinearer, inhomogener 
Differentialgleichungen vorgeschlagen : es werden zundchst 
exakte fiir eine abgewandelte Nachbargleichung 
bestimmt, fiir die die tion elliptisch ist. In 
diesen Léisungen kommen hinreichend viele Parameter 
vor, die eine Anpassung an die vorliegenden Probleme 
erlauben; durch Reihenentwicklung und Vergleich der 
einzelnen Glieder mit den entsprechenden Termen, die mit 
Hilfe der Stérungsrechnung aus der Ausgangsgleichung 
erhalten werden, lassen sich die noch unbestimmten 
Koeffizienten in den Naherungen ermitteln, ohne dab 
jedesmal neve Differentialgleichungen zu lésen sind. 
SchlieBlich wird gezeigt, daB sich in analoger Weise auch 
exakte subharmonische finden lassen, die 
elliptische Funktionen sind. K. Magnus (Stuttgart) 


1131: 
Lawden, D. F. Necessary conditions for rocket 
trajectories. Quart. J. Mech. Appl. Math. 12 (1959), 476- 


MECHANICS OF PARTICLES AND SYSTEMS 1124-1131 Bas 
er- 
590 | 
88. | 
4 
mit | 
ete 
che 
zen 
fall me 
ade | 
fiir 
cht 
die 
rt) Sethna, P. R. Steady-state undamped vibrations of a ey, 

class of nonlinear discrete systems. J. Appl. Mech. 27 a 
of | 
ur- 
n) ; 
ger 
nes 
els 
je 
ion 
et, 
ig- 
m- 

rt) 
e8 ( ‘T} R. E. Bellman (Santa Monica, Calif.) | 487. 
199 


1132-1136 


The author discusses necessary conditions for optimal 
rocket trajectories with minimum expenditure of propel- 
lant between two terminals in a gravitational field and in 
the absence of aerodynamic forces. The problem is ex- 
pressed as that of Mayer type. After discussing the char- 
acteristic features of this classical variational problem, the 
author derives Euler-Lagrange equations with constraints 
and points out the necessity of satisfying Weierstrass- 
Erdmann corner conditions at the discontinuities. This is 
applied to the fundamental problem of astronautics: to 
calculate the trajectory joining two fixed points A and D 
with the minimum consumption of propellant. A discussion 
of the set of equations so obtained shows that the motor 
must either be shut down (coasting under gravity alone) 
or must operate at maximum power. Hence the optimal 
trajectory comprises arcs of two types: nullthrust and 
maximum thrust arcs. A thorough discussion of the 
Weierstrass-Erdmann conditions is followed by the cal- 
culation of the case of an impulsive thrust and of optimal 
maneuvers in a uniform field. 

M. Z. v. Krzywoblocki (Urbana, Tl.) 


1132: 

Gotusso, Guido. Problemi con massa variabile in 
meccanica classica. Ist. Lombardo Accad. Sci. Lett. 
Rend. A $3 (1959), 3-28. 

The author considers the problems of variable mass in 
the classical mechanics. After a brief review of the litera- 
ture of this old problem, the author presents the funda- 
mental equations governing the motion of a body with 
variable mass. In the second chapter the author discusses 
the dynamics of a mass point deriving the well-known 
fundamental equations of motion and energy of a rocket. 
Next, the motion along the perimeter of a circle with a 
variable mass is treated. The dynamics of a rigid body 
having a variable mass is treated pretty thoroughly. As 
the last problem the author treats the holonomic system, 
deriving the classical Lagrange equations containing the 
additional, external forces acting upon the particular 
elements of the system. The curvilinear motion of such a 
system is treated as a particular example. 


M. Z. v. Krzywoblocki (E. Lansing, Mich.) 


STATISTICAL THERMODYNAMICS AND 
MECHANICS 


See also 1089c, 1192. 


1133: 
Gerasimov, A. N. On the distribution of 
mutually attracting particles. Prikl. Mat. Meh. 23 (1959), 


414-416 (Russian) ; translated as J. Appl. Math. Mech. 23, 
592-596. 
La formule barométrique de Laplace 


P = po exp (—mgh/kT) 


est une application particuliére de la formule générale de 
Boltzmann p= po exp (—7/kT’) ot est l’énergie poten- 
tielle de la particule et 7 la température absolue, identique 
pour toutes les parties de la région a laquelle est relative la 
densité p. Cependant |’état du systéme, bien que station- 
naire au sens thermique, n’a pas nécessairement a étre 
isotherme. 


STATISTICAL THERMODYNAMICS AND MECHANICS 


On considére ici un corps infini formé de particules 
soumises seulement 4 leurs attractions mutuelles new- 
toniennes. L’équation d’état p= ¢/(p, 7’) est arbitraire. A 
la fin s’établit un état possédant le symétrie sphérique, 
On obtient une équation intégrale (non linéaire en général) 
reliant la distribution de la température a la distribution 
de la densité; dans le cas de la loi p=(k/m)p-T, cette 
équation conduit & une équation différentielle ordinaire 
reliant les fonctions 7’, M (du ler-ordre par rapport a 7’, 
du 2éme ordre par rapport 4 M). L’hypothése d’un état 
stationnaire entraine 7’ = A/r+ Bou A et B sont des con- 
stantes, et dans le cas particulier ot 7’ =ro7'o/r pour r2 ro, 
on obtient une formule générale donnant |’expression de p 
en fonction de r, qui, avec les hypothéses <—inea en 
classiques, se réduit & p=po(ro/r) exp (—mgh/kT'), et 
pour r=ro, 4 la formule méme de Laplace. 

M. Janet (Paris) 


1134: 

Hazlehurst, J.; Sargent, W. L. Hydrodynamics in a 
radiation field—a covariant treatment. Astrophys. J. 130 
(1959), 276-285. 

By regarding the radiation field as a “photon gas”’ [see 
J. L. Synge, The relativistic gas, North-Holland, Amster- 
dam, 1957; MR 19, 508] the authors find that the solution 
of the relativistic form of the transfer equation can be 
approached through an expansion procedure analogous to 
the Chapman-Enskog method in gas kinetics. 

Examination of the second approximation to the 
energy-momentum tensor of this ‘‘gas’”’ yields the radiative 
viscosity and conductivity, the value found for the former 
being twice that obtained by J. H. Jeans. Space-time sym- 
metry of the treatment is ensured by using four-vectors 
throughout. Z. Kopal (Manchester) 


1135: 

Glansdorff, P. Calcul de la force mutuelle de friction dans 
un modéle “deux fluides” Acad. Roy. Belg. Bull. 
Cl. Sei. (5) 45 (1959), 575-582. 

Lorsque la force de couplage entre les composants d’un 
mélange binaire est assez faible, on peut considérer que 
chaque composant évolue 4 peu prés comme s’il était seul 
avec une distribution voisine de la distribution d’équilibre 
maxwellien, chacun possédant sa température cinétique 
et sa vitesse moyenne propres. Sous cette hypothése, 
l’auteur calcule la force mutuelle de friction pour les cas 
ou la loi d’interaction entre les particules des deux com- 
posants est du type Kier~’. J. Naze (Marseille) 


1136: 

Temperley, H. N. V. Application of the Mayer method 
to the melting problem. Proc. Phys. Soc. 74 (1959), 183- 
195. 

The application of the Mayer theory to the Ising model 
of an antiferromagnetic is discussed. Three mathematical 
lemmas simplify the detailed evaluation of the cluster 
sums, and the relation between this and other com- 
binatorial problems on lattices is considered. The results 
are applied to the physical problem of a gas with purely 
repulsive intermolecular forces. C. Domb (London) 
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1137: 

Temperley, H.N.V. On the asymptotic behaviour of the 
Mayer cluster series in the anti problem. 
Proc. Phys. Soc. 74 (1959), 432-443. 

This paper is concerned with obtaining asymptotic 
estimates of the coefficients in the Mayer series discussed 
in a previous paper of the author [see preceding review]. 

The results of Broadbent and Hammersley [Proc. Cam- 
bridge Philos. Soc. 53 (1957), 629-641; MR 19, 989] and 
Hammersley [ibid. 642-645; MR 19, 989] on percolation 

are used and tentative conclusions are advanced 
regarding the asymptotic form of the coefficients in various 
regions. Hence the singularities of the series are conjec- 
tured and transitions in the related physical problems are 


correspondingly interpreted. C. Domb (London) 


1138: 

Temperley, H. N. V. Can the ‘lattice’ model of a gas 
describe both liquefaction and solidification? Proc. Phys. 
Soc. 74 (1959), 444-448. 

A preliminary study is made of a two-dimensional model 
of an imperfect gas of attracting rigid squares which is a 
limiting case of the two-dimensional Ising model with 
second-nearest neighbour interactions studied by Domb 
and Potts [Proc. Roy. Soc. London. Ser. A 210 (1951), 
125-141; MR 13, 89b]. The methods of a previous paper 
of the author [see preceding review] are used to analyse 
the asymptotic form of the coefficients. It is tentatively 
concluded that this version of the Ising model may show 
two transitions below a certain critical temperature just 
like a real imperfect gas. C. Domb (London) 


1139: 

Green, H. 8.; Leipnik, Roy. Exact solution of the asso- 
ciation problem by a matrix-spinor method with applica- 
tions to statistical mechanics. Rev. Mod. Phys. 32 (1960), 
129-141. 

A very general problem in statistical mechanics, 
covering order-disorder phenomena, etc., is reduced to a 
combinatorial problem. This is tackled by an eigenvalue 

8. Simons (London) 


Transport phenomena in 
slightly ionized gases: low electric fields. Phys. Rev. (2) 
116 (1959), 486-488. 

Some results of Chapman and Cowling are used in order 
to calculate various transport properties of a slightly 
ionised gas in combined electric and magnetic fields. 

8. Simons (London) 


1141: 

Gilardini, A. Microwaves in a ionized gas. Nuovo 
Cimento (10) 13 (1959), supplemento, 132-165. 

This paper develops the theory and discusses the 
mental results of microwave in hydrogen and 
helium. The electron velocity distribution function is 
found by solving the Boltzmann equation separately for 
the range of energies where collisions are inelastic, and 
where they are elastic, and joining the two at the excita- 
tion energy. It is assumed that the electron density is low 
enough so that the distribution is not Maxwellian. These 
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functions are then shown to give simple expressions for 
all average quantities such as the complex conductivity, 
rates of energy gain or loss, excitation, and ionization fre- 
quencies. Comparison is then made with the results of 
experiments, with and without magnetic fields. 

W. P. Allis (Cambridge, Mass.) 


1142: 
_ Fosdick, Lloyd D. Calculation of order parameters in a 
alloy by the Monte Carlo method. Phys. Rev. (2) 
116 (1959), 565-573. 

This paper is an attempt to calculate certain aspects of 
the behavior of a binary metal crystal by the Monte Carlo 
method. The method proceeds by interchanging neighbor- 
ing atoms of the crystal with probabilities inferred from 
the physics of the problem. Since the desired results con- 
sist of a few functionals of distribution in time and space 
of the different possible states of the crystal, the Monte 
Carlo method seems well chosen for the problem. 

R. R. Coveyou (Oak Ridge, Tenn.) 


1143: 

Klinger, M.I. A statistical theory of the electrical con- 
ductivity of semiconductors. I. Fiz. Tverd. 'Tela 1 (1959), 
861-872 (Russian); translated as Soviet Physics. Solid 
State 1, 782-793. 

An examination is made of practical methods of evalua- 
tion of the electrical conductivity with weak electron- 
phonon interactions from the general formula given by 
R. Kubo [Canad. J. Phys. 34 (1956), 1274-1277; MR 18, 


611). E. L. Hill (Minneapolis, Minn.) 


1144: 
van Kampen, N.G. On the problem of neutron diffusion. 
Nederl. Akad. Wetensch. Proc. Ser. B 63 (1960), 92-107. 
The author rederives the known solution of the Milne 
problem, i.e., of the neutron distribution in the half-space 
720, with isotropic scattering 


subject to the boundary condition f(0, 1) =0 for or 
to a more general boundary condition f(0, ~)=g:i(u) for 
p> 0, for a few simple forms of g;(j2). 

The technique followed is closely related to the standard 
Wiener-Hopf method. However, while with the latter (1) 
is first converted into an integral equation, the author 
deals with (1) directly. He claims that his modification of 
the method allows an easier generalisation to the cases of 
an isotropic scattering. B. Davison (Toronto) 


1145: 

Pimbley, George H., Jr. Solution of an initial value 
problem for the multi-velocity neutron equation 
with a slab geometry. J. Math. Mech. 8 (1959), 837-865. 

The problem under consideration is governed by the 


system of integrodifferential equations : 

where V;, o and Cy are non-negative, subject to the 
boundary conditions N;,(a,y,t)=0 for and 
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Nd —a, p», t)=0 for » > 0, and the prescribed initial condi- 

tions. The author puts 4/é—>A and considers the resulting 
eigenvalue problem. It is shown that the entire half-plane 
Re As —min; o,V; forms the continuous spectrum while 
the other half-plane contains only the point spectrum ; 
also, that (1) is solvable and the solution is unique. 

If the matrix C, whose elements are Cy, is positively 
symmetrizable, i.e., if there exists a diagonal matrix D, 
with strictly positive diagonal elements, such that 
S= DCD- is symmetric, and if this S is positive definite, 
it is shown that the point spectrum involves only a finite 
number m 2 1 of eigenvalues, A= ;, say, all of them real, 
and the solution of (1) then is: 


Nae, wt) = exp BA) 
+ O(t? exp min; 


where the brackets (, ) denote the scalar product. 
B. Davison (Toronto) 


1146: 

Van Leeuwen, J. M. J.; Groeneveld, J.; De Boer, J. 
New method for the calculation of the pair correlation 
function. I. Physica 25 (1959), 792-808. 

Salpeter [Ann. Physics 5 (1958), 183-223 ; MR 20 #6818] 
has recently proposed an approximate evaluation of the 
partition function of statistical mechanics, by summing 
contributions associated with certain classes of bond- 
figures. This paper suggests the application of the same 
idea to the calculation of the pair correlation function 
(radial distribution function) for a fluid. The method leads 
to a nonlinear integral equation whose solution deter- 
mines the correlation function. This integral equation can 
be solved in principle by an iterative method in which a 
linear integral equation is solved by Fourier transforms at 
each stage. The required calculations are being pro- 
grammed for a computer, ard other theoretical ne. € aye 


progress. H. 8. Green (Adelaide) 
ELASTICITY, PLASTICITY 
See also A715, 1249, 1437, 1440. 
1147: 
Pipkin, A. C.; Riviin, R. 8. The formulation of con- 


stitutive equations in continuum I. Arch. 
Rational Mech. Anal. 4, 129-144 (1959). 

The authors consider the following invariant theoretic 
problem which arises frequently in continuum mechanics 


and in electrodynamics of deformable media. Let 


(1) = 4, Vp), 


ig=1, 2,3, be a tensor valued function under the proper 
orthogonal group (group of rigid motions in 3-dimensional 
Euclidean space) where, under this group, the dependent 
variables vp (a=1,2,---,v; p,q=1, 2, 3) 
transform as a set of v+3 vectors. is, if am is an 
arbitrary orthogonal matrix with positive determinant and 


= ox," OX, 


then it is required of the functions f that 


(2) Vp) = 
for all a. It is then proved that every polynomial f satis- 
fying (2) is expressible in the form 


where F,...;, is a polynomial in the variables 


G 1/2 = (det || Gy ax, ax; = ox,” 

After establishing this result, the authors treat the 
problem of material symmetry. Symmetry of a material 
is represented by a subgroup {S} of orthogonal ae 
tions of the material coordinates X,. Requiring 1,.. 
to be absolutely invariant under {8}, one sees from (3) that 
F;,...4, must transform as an absolute tensor of rank » 
under {S}. Thus it is required that 
(4) F 4,(G-¥2, Goa V,) 


for all Gy=SuSpGui, Vi =SyVs, G-1/2=G-1/2, where 
Sq is an arbitrary element of the group {S}. Integrity bases 
for polynomials F satisfying (4) for several choices of the 
group {8} are then explicitly constructed. In particular, 
irreducible bases are given for the groups appropriate for 
the reduction of constitutive relations of the general form 
(1) for isotropic, hemitropic, and transversely isotropic 
materials and for crystals of the monoclinic-domatic and 
rhombic-pyramidal classes. 

R. A. Touwpin (Washington, D.C.) 


1148: 

Rivlin, R. 8. The formulation of constitutive equations 
in continuum physics. II. Arch. Rational Mech. Anal. 
4, 262-272 (1960). 

This paper extends the considerations of Part I [see 
preceding review] to tensor valued functionals 


The restrictions imposed on the functional f by in- 
variance under arbitrary, time-dependent, rigid trans- 
formations a;;(r) are determined and then the additional 
restrictions imposed on f by invariance under material 
symmetry transformations are discussed. Explicit reduction 
formulae are given for isotropic materials. Certain sim- 
plifications of the general results which follow in the case 
of small strains or by fixing the directions of the vectors 
v‘*)(r), are discussed. R. A. Towpin (Washington, D.C.) 


1149: 

Le Corre, Yves. La dissymétrie du tenseur des efforts et 
ses conséquences. J. Phys. Radium (8) 17 (1956), 934- 
939. 

By considering a couple density in addition to the usual 
body force density, the need for a non-symmetric- stress 
tensor is demonstrated. Examples are presented of the 
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body couple, it is stated that non-central atomic forces 
lead to a non-symmetric stress tensor. It is also pointed 
out that the usual assumption of macroscopic theory that 
each body element has the properties of the whole, has 
shortcomings from an atomic standpoint, for example, for 
atoms adjacent to a surface. A derivation for rotational 
equilibrium with non-symmetric stress tensor and no body 
couple seems incorrect to the reviewer. The 
which the non-symmetric stress tensor supplies is stated 
to be needed for crystal elasticity by citing experimental 
results on wave propagation and elastic constants. 

HE. H. Lee (Providence, R.1.) 


1150: 
Eder, L. Zur Auflésung der 
der des Raumes fiir unendlich kleine 


Verschiebungen in kartesischen Koordinaten. Forsch. 
Gebiete Ingenieurwesens 25 (1959), 101-105. 


1151: 

Ramakanth, J. Finite deformation of aelotropic and 
composite bodies. I. Bul. Inst. Politehn. Iasi (N.S.) 4 (8) 
(1958), no. 3-4, 93-102. (Russian and Romanian sum- 
maries) 

Using « linear stress-strain law the author treats the 
problem of the bending of a composite rectangular plate 
into the form of a right circular cylinder under conditions 
of (1) no extension in the direction of the axis of the 
cylinder and (2) uniform extension in the direction of the 
axis. [See also the author, Z. Angew. Math. Mech. 35 
(1955), 453-459; same J. 4 (8) (1958), 75-84; MR 17, 685; 
21 #1736.) L. Payne (Newcastle-upon-Tyne) 


1152: 

Klyatko, 8. D. On the modeling of the first funda- 
mental problem of the plane theory of elasticity for multiply 
connected regions. Prikl. Mat. Meh. 23 (1959), 398-399 
(Russian) ; translated as J. Appl. Math. Mech. 23, 562-564. 

This is a short note pointing out that the general equa- 
tions determined by V. I. Mossakovskii [Prikl. Mat. Meh. 
19 (1955), 383; MR 17, 103] using three models composed 
of materials with different Poisson ratios, to determine 
the actual stress function in a plane stress problem, are 
such that for experimental determination of the stresses it 
is sufficient to conduct experiments with only two models 
having different Poisson ratios. In the particular cases of 
generalised plane strain and plane strain, the results then 
agree with those of other authors. 

R. M. Morris (Cardiff) 


1153: 

Buivol, V. M. Biharmonic problem for multiconnected 
systems with cyclic symmetry. Akad. Nauk Ukrain. 
RSR. Prikl. Meh. 5 (1959), 276-287. (Ukrainian. Rus- 
sian and English summaries) 

The plane stressed state of a multiconnected region with 
vestigated. On turning the system at 


initial state. keel i 

type are derived, which do not require the construction of 
& mapping function. Use is made of the properties of the 
system which follow from the conditions of cyclic sym- 
metry. The method of obtaining a numerical solution of 


1150-1187 
the problem is outlined. The author shows that, in view of 
the properties of the investigated region, the problem may 


be reduced to a mixed problem for a simply connected 
region. 

An analogy is considered which permits applying the 
method of solution to the problem of the bending of multi- 
connected plates of similar configuration. 


W. R. Callahan (Washington, D.C.) 


1154: 
Peklov, M. 0. Solving the plane problem of the theory 
of elasticity for a strip by means of 


Akad. Nauk Ukrain. RSR. Prikl. Meh. 5 (1959), 288-295. 
ian. Russian and English summaries) 

ae this paper the stressed state of a freely supported 

thin rectangular strip is considered. On the long edges 

of the strip are given: the distributed normal load by a 

polynomial of the fourth degree, and the distributed tan- 

gential load by a polynomial of the third degree. The 

boundary conditions at the ends are found by integration : 

the resultant of the flux of tial stresses is equal to 

the support reaction, the resultant of the normal stress o, 

and their moment is equal to zero. 

According to Saint Venant’s principle, this will not be 

a hindrance, with the ratio 1/b>2, for finding the maxi- 
mum normal stress along the center of the span. 

W. R. Callahan (Washington, D.C.) 


1155: 

Rostoveev, N. A. Remarks on the paper by V. 8. 
Gubenko, “Some contact problems of the theory of elas- 
ticity and fractional differentiation”. Prikl. Mat. Meh. 
23 (1959), 797-800 (Russian); translated as J. Appl. 
Math. Mech. 23, 1143-1149. 

The author refers to the paper by Gubenko [Prikl. Mat. 
Meh. 21 (1957), 279-280; MR 19, 593). 


1156: 
Cetaev, D. N. On the driving of a 
collar into an elastic half-space Pek Mot 3 
(1959), 425-433 (Russian) ; translated as J. Appl. i Math, 
Mech. 23, 610-621. 


amplitude of the velocity of the piston. The piston is sur- 
rounded by an infinite rigid collar, so that u,=0 for r>a, 
z=0. Shear stresses on the surface, z=0, are neglected. 
Solutions for displacement potentials satisfying these 
conditions are derived. Then the mechanical impedance 
of the piston Z, defined by Fe‘ = Zve', where F is the 
force between the medium and the piston, is derived in 
terms of tabulated functions and is evaluated for specific 
values of wa/c; (c;= velocity of dilatational waves in the 
medium) for a medium with Poisson’s ratio= t. 

G. B. Warburton (Edinburgh) 


1157: 

Vorovit, I. 1.; Ustinov, Yu. A. Pressure of a die on an 
elastic layer of finite thickness. Prikl. Mat. ag 
(1959), 445-455 (Russian); translated as J. A’ 
Mech. 23, 637-650. 

An axially-symmetric die exerts pressure on 
layer of finite thickness resting on a rigid frictionless 

203 


| 
satis- 
; the 
terial 
rma- 
| that 
nk p 
Vp) | 
vhere | 
bases 
f the 
ular, 
for | ‘ 
form 
ropic 
> and 
D.C.) 
tions 
Anal. | 
[see | 
The paper considers steady-state vibrations excited in 
an elastic half-space, z>0, by a circular piston of radius a, 
vibrating according to the law du,/dt = vet, where v is the 
y in- | 
ional | 
terial 
otion 
sim- 
case 
ctors 
D.C.) 
rts et an angle of cyclicity a, = 22/m where m is the number of 
934- 
usual | : 
tress | 
the 
plied | 


1158-1163 


foundation. Authors solve a pair of coupled integral equa- 
tions for the unknown pressure between die and surface to 
obtain asymptotic solutions (in thicknese of layer or para- 
meter) for plane and parabolic dies for cases where the 
thickness is of the order of the diameter of the surface of 
contact. C. E. Pearson (Cambridge, Mass.) 


1158: 

Vacca, Maria Teresa. Sforzi e deformazioni in una sfera 

elastica con rigidita trasversale variabile col raggio e sog- 

in superficie a sforzi tangenziali di torsione. Atti 
Acead. Sci. Torino. Cl. Sci. Fis. Mat. Nat. 94 (1959/60), 
54-66. 

The author considers a sphere of constant rigidity sur- 
rounded by a concentric spherical layer in which the 
rigidity » is a function of distance from the centre, while 
the outer surface is subjected to given tangential torsional 
force. Assuming the deformation to be axisymmetrical the 
components of displacement satisfy a single partial dif- 
ferential equation which can be integrated, by separation 
of the variables, in terms of Ferrer’s functions 


= = 008 8, 


where P,(é) is a Legendre polynomial. Two cases are 
treated (1) p=por*, k>0, (2) exp (4fr*), where 
and higher powers are negligible. 

L. M. Milne-Thomson (Madison, Wis.) 


1159: 

Eshelby, J. D. The elastic field outside an elli 
inclusion. Proc. Roy. Soc. London. Ser. A 252 (1959), 
561-569. 

This paper is a sequel to a previous one by the same 
author [same Proc. 241 (1957), 376-396; MR 19, 338] in 
which he considered the stresses produced when an 
ellipsoidal portion of an infinite elastic body undergoes a 
transformation which, in the absence of the surrounding 
material, would have been a homogeneous deformation. 
In this previous work, the author found that the stresses 
produced within the ellipsoidal inclusion were uniform, 
and presented formulas for their calculation. In the present 
paper, the author reduces the problem of finding the dis- 
placement at an arbitrary point outside the ellipsoidal 
inclusion to (a) evaluating a rather lengthy expression 
containing derivatives of elliptic integrals, and (b) solving 
a cubic equation involving the rectangular coordinates 
of the point in order to fix the arguments of these elliptic 
integrals. The author concedes that his proposed calcula- 
tions are tedious, but argues convincingly that the use of 
ellipsoidal coordinates (exploited by other authors in 
similar problems) would not really simplify matters. 

Discussion is made of several problems involving 
ellipsoidal inclusions that can be reduced to the basic 
problem of the transformed ellipsoidal region. 

B. Budiansky (Cambridge, Mass.) 


1160: 

Singh, Avtar. Stress distributions within solids of 
revolution. Z. Angew. Math. Mech. 39 (1959), 484-495. 
(German, French and Russian summaries) 

The author considers equations of linear elasticity for 
transversely isotropic media. Using Mellin transform tech- 
niques, he obtains formal solutions for a class of stress 
boundary value problems. These concern bodies which 


are figures of revolution bounded by one or two cones, 
the axis of elastic symmetry coinciding with the axis of 
revolution. J. L. Ericksen (Baltimore, Md.) 


1161: 

Maunder, L. On the work of a force crossing a beam. 
Quart. Appl. Math. 17 (1959/60), 437-439. 

This note provides an explanation of the paradox that 
a vertical force, during transit across an elastic beam 
whose ends are at the same horizontal level, apparently 
does no net work, yet leaves the beam in a state of oscilla- 
tion. The author considers two mechanisms by which such 
a force might cross the beam. The first, in which a particle 
of negligible mass slides across the beam, is rejected, as it 
leads to a negative coefficient of friction between beam 
and particle. The second, a rolling disc of negligible radius 
and mass, is possible, but in addition to the constant 
vertical force, also requires a couple, which eventually is 
transmitted to the beam and does work on it. 

W. E. Boyce (Troy, N.Y.) 


1162: 
Frisch-Fay, R. On 
Sci. 10 (1959), 418-432. 
Author’s summary: “The deflection of beams in the 
approximate analysis is based on the tacit assumption 
that the flexural rigidity, ZJ, is large enough to prevent any 
but an extremely flat curve for the elastic line. As soon as 
the elastic line can no longer be replaced by its projection 
perpendicular to the direction of the movement the prin- 
ciple of superposition cannot be applied. The exact theory 
of deflections is also useful in determining the stability of 
a strut once the load has exceeded the critical value. The 
cantilever carrying a vertical load at the free end has been 
solved by Barten [Quart. Appl. Math. 2 (1944), 275-276; 
MR 7, 143] and by Bisshopp and Drucker [ibid. 3 (1945), 
272-275; MR 7, 143). The present paper suggests a solu- 
tion for a cantilever with a load acting in any direction.” 
R. M. Morris (Cardiff) 


deflections. Austral. J. Appl. 


1163: 

Reissner, Eric. On finite bending of pressurized tubes. 
J. Appl. Mech. 26 (1959), 386-392. 

Das lineare Problem der Biegung eines gekriimmten und 
das nichtlineare Problem der Biegung eines geraden 
Rohres werden unter Beriicksichtigung eines konstanten 
Innendruckes einheitlich behandelt. Es wird gezeigt, daB 
die bereits bekannten nichtlinearen Untersuchungen fiir 
urspriinglich gerade Rohre als erste Approximation 
angesehen werden kénnen, wenn von einer Potenz- 
reihenentwicklung nach einem geeigneten Parameter 
ausgegangen wird. Die Art dieser Potenzreihen wird 
aufgezeigt und die entsprechende zweite Approximation 
angegeben. Zur linearen Theorie urspriinglich gekriimmter 
Rohre werden nichtlineare Zusatzglieder erster Ordnung 
gefunden und ihr Einflu8 auf die lineare Lésung be- 
sprochen. Im Falle des urspriinglich gekriimmten Rohres 
wird im Rahmen der linearen Theorie eine Naherungs- 
formel fiir die Steifigkeit des Rohres angegeben, die eine 
anschaulichere Deutung zuliBt, als dies schon bekannte 
Lésungsformeln erlauben. SchlieBlich wird die bekannte 
erste Approximation der nichtlinearen Theorie urspriing- 
lich gerader Rohre verallgemeinert fiir den Fall des 
urspriinglich schwach gekriimmten Rohres. 

W. Zerna (Hannover) 


1164: 
Wieslaw. Torsion of bars of 
ygonal cross-section. Arch. Mech. Stos. 11 
(1959), 559-593. (Polish and Russian summaries) 

In this paper the problem of the torsion of regular 
polygonal bars with an arbitrary number of sides is solved 
in a general manner, using, as usual, the method of con- 
formal mapping on to a unit circle. Exact results are ob- 
tained for the torsion function, the torsional rigidity and 
the stresses, but in the form of infinite series. This does 
make it possible, however, to obtain working results to any 
required degree of , and the main object of the 
paper is then to show the validity of the determination of 
the percentage error in the results as a consequence of 
using approximate values of the convergent series in- 
volved. R. M. Morris (Cardiff) 


1165: 

Dutt, 8. B. Note on the torsion of a curved rod of cir- 
cular cross section with transverse isotropy. Indian J. 
Theoret. Phys. 6 (1958), 91-96. 

In this paper the problem of the torsion of a curved rod 
of circular section with transverse isotropy has been 
investigated. A single stress function is introduced which 
satisfies a partial differential equation and by means of 
toroidal coordinates this equation is solved in the form of 
an infinite series involving ring functions of the second 
kind. R. M. Morris (Cardiff) 


1166: 

Huang, Yu-shan. Column analogy of multi-connected 
rigid frames. Sci. Sinica 8 (1959), 568-579. 

The paper extends column analogy to the solution of 
multi-connected frames. Each cell is replaced by a column, 
and a common member between two cells introduces cor- 
rection factors on the loading carried by each column. 


J. Heyman (Cambridge, England) 


1167: 

Frankland, J. M. Triaxial tension at the head of a 
rapidly running crack in a plate. J. Appl. Mech. 26 
(1959), 570-572. 


1168: 

Barenblatt, G. I. Equilibrium cracks formed during 
brittle fracture rectilinear cracks in plane plates. Prikl. 
Mat. Meh. 23 (1959), 706-721 (Russian) ; translated as J. 
Appl. Math. Mech. 23, 1009-1029. 

An “equilibrium crack”’ in a plate is defined in terms of 
two assumptions: (i) Near the ends of a crack, where the 
two faces are close together, cohesive action gives rise to 
an attractive force, of given magnitude K, between the 
faces, where K depends only on the material of the plate 
and the plate thickness. (ii) A crack is in equilibrium, that 
is it remains stationary and of constant length, when the 
external forces on its faces are in equilibrium with the 
cohesive forces at its ends. 

The theory is used to find the length of equilibrium 
crack caused (i) by uniform pressure on the faces, (ii) om 4 
concentrated forces at opposite points on the faces, and 
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(iii) by concentrated forces acting at points on the per- 
pendicular bisector of the line of the crack. 
A fourth example is that of the splitting of a plate by 
the entry of a thin tool of section. The 
ip used to find the length of the split in front of the tool. 
W. Craggs (Newcastle-upon-Tyne) 


1169: 
Birkgan, A. Yu.; Vol’mir, A. 8. Investigation of large 
deflections of plates by electronic digital com- 


rectangular 
puters. Izv. Akad. Nauk SSSR. Otd. Tehn. Nauk. Meh. 
MaS&inostr. 1959, no. 2, 100-106. (Russian) 

The non-linear system of partial differential equations 
controlling deflections and stresses in a plate is converted 
by the authors into a dimensionless form, where a rec- 
tangular plate with an arbitrary edge ratio maps into a unit 
square plate. The resulting dimensionless system of dif- 
ferential equations is replaced by the corresponding system 
of difference equations, a system of non-linear algebraic 
equations. A constant distributed load and freely moving 
hinged supports on all four edges make the problem sym- 
metrical, simplifying the solution. The computations start 
with assumed values at twelve initial points, which is 
necessitated by the non-linearity of the equations, and 
yield a first approximation for every point. In obtaining 
the next approximation the properties of symmetry are 
utilized in a way not very clear to this reviewer. The short 
computation time on the Soviet digital computer STRELA 
indicates that the iteration scheme apparently converges 
very fast. The grid-size of 1/4, 1/6, 1/8, 1/16, was extra- 
polated to zero grid-size. The results are compared with 
those obtained previously by methods requiring a number 
of simplifying assumptions (like Galerkin’s method for 
example) and it is amazing how good these old approxi- 
mate methods were. Leser (Aberdeen, Md.) 


1170: 

Mansfield, E. H. The large-deflexion behaviour of a 
thin strip of lenticular section. Quart. J. Mech. Appl. 
Math. 12 (1959), 421-430. 

A large-deflexion solution is given for a thin solid strip 
of lenticular parabolic section subjected to combined 
moment and torque. The chordwise curvature of the strip 
is independent of position and the resulting simplicity of 
the analysis has enabled the buckled, as well as the un- 
buckled, behaviour of the strip to be fully investigated. 

A. E. Green (Newcastle-upon-Tyne) 


1171: 

Stippes, M. A half-infinite plate with an elastically 
restrained edge. Z. Angew. Math. Mech. 38 (1958), 401- 
402. 


1172: 

Galletly, G. D.; Radok, J. R. M. On the accuracy of 
some shell solutions. J. Appl. Mech. 26 (1959), 577-583. 

Solutions of the equations of shell theory by asymptotic 
integration and numerical integration are compared. 
While satisfactory agreement is found, the direct numer- 
ical method is recommended as easier, when a computer is 
available. J. W. Craggs (Newcastle-upon-Tyne) 
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1473: 

Bramble, James H. The thick elastic spherical shell 
(3) 9 (1959), 492-502. 

The author considers a thick elastic spherical shell sub- 
jected to concentrated torques acting at the end-points of 
a diameter. He derives an explicit expression for the 
solution making use of the fact that the stress function 
is closely related to an axially-symmetric harmonic func- 
tion, defined in a seven-dimensional space. 

A. Huber (Ziirich) 


1174: 

Palmer, P. J. A method of analysis for axially sym- 
metrical shells with constant meridional curvature. 
Quart. J. Mech. Appl. Math. 12 (1959), 431-442. 

The well-known Reissner-Meissner equations for axi- 

ical linear bending of thin shells of revolution are 

solved numerically for the problem of a pressurized cor- 

rugated ducting by standard power series methods [see, 

©.g., via Statik und Dynamik der Schalen, Springer- 
Verlag, Berlin, 1957; MR 20 #1464; cf. Ch. VI). 

H. J. Weinitschke (Los Angeles, Calif.) 


Rozprawy ‘Ind. 7 (1959), 167-180. (Polish. 
Russian and English summaries) 

The transverse vibration of a rotating rod resting on 
three supports, the center support moving with a constant 
velocity v along the axis of the rod, is considered. The 
solution of the equation of vibration is obtained by finding 
the eigenvalues and the eigenfunctions. As a result of the 
analysis of the equation of vibration, an equation is ob- 
tained for the critical velocities depending on the velocity 
of the support displacement. From this equation it follows 
that with a moving intermediate support the critical 
velocities are less than the critical velocities of a rotating 
bar on two supports. The method described may be 
generalized to any number of supports of which the two 
extreme ones are immovable. 


W. R. Callahan (Washington, D.C.) 


1176: 
Reismann, Herbert. Forced vibrations of a circular 
plate. J. Appl. Mech. 26 (1959), 526-527. 


1177: 

Greenspon, Joshua E, Flexural vibrations of a thick- 
walled circular cyli ing to the exact theory of 
elasticity. J. Aero/Space Sci. 27 (1960), 37—40. 

The author uses his earlier solution [Proc. 3rd U.S. Nat. 
Cong. Appl. Mech., Brown Univ., Providence, R.L., 
June 11-14, 1958, 163-173, A.S.M.E., New York, 1958; 
MR 21 #1032] of the equations of flexural vibrations of 
thick-walled cylinders to provide a number of graphs of 
phase velocity versus length ratio. Comparisons are 
made among the author’s theory, Timoshenko beam 
theory, and various approximate shell theories for 
different ranges of the shell dimensions. 


W. EB. Boyce (Troy, N.Y.) 
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1179: 

Pod" yapol’skii, G. 8. On a formula connecting the 
coefficients of head waves with coefficients of reflection 
and refraction. Izv. Akad. Nauk SSSR. Ser. Geofiz. 
1959, 1560-1569. (Russian) 

When an elastic wave meets a plane interface between 
two media, the conditions of equality of stresses and dis- 
placements form a set of linear equations in the coeffi- 
cients of reflection and refraction. The author has devised 
a system of indices to permit him to consider both types 
of coefficients for both P and S waves at once; from the 
equations written in this notation he deduces a formula 
giving the coefficients of the “head waves” (refraction 
arrivals) explicitly in terms of the reflection and refraction 
coefficients. This formula rather clearly exhibits the head 
wave as a limiting case of two successive reflections or 
refractions at the boundary. 

R. N. Goss (San Diego, Calif.) 


1180: 

Einspruch, Norman G.; Truell, Rohn. Scattering of a 

plane ote gg wave by a spherical fluid obstacle in an 
elastic medium. J. Acoust. Soc. Amer. 32 (1960), 214— 
220. 

Ying and Truell [J. Appl. Phys. 27 (1956), 1086-1097 ; 
MR 19, 197] studied the scattering of longitudinal elastic 
waves by spherical obstacles. In the present paper this 
method is applied to the case of a fluid filled cavity em- 
bedded in an isotropic elastic solid. Expansion coefficients 
which define the scattered elastic wave are obtained. The 
case of Rayleigh scattering where the wavelength is very 
much greater than the radius of the sphere is considered 
in detail. An expression for the scattering cross section is 


derived. H. Kolsky (London) 
1181: 
Miles, John W. of elastic waves by small 


inhomogeneities. Geophysics 25 (1960), 642-648. 

The scattering of plane P- and S-waves by a small 
inhomogeneity in an elastic solid is considered. The elastic 
constants of the inhomogeneity are assumed to differ only 
slightly from those of the solid. 


G. Eason (Newcastle-upon-Tyne) 


1182: 

Eringen, A. C.; Samuels, J. C. Impact and moving 
loads on on a slightly curved elastic half space. J. Appl. 
Mech. 26 (1959), 491-498. 


Using integral transform techniques the authors obtain 
formal solutions of several problems in which time de- 
pendent surface loading is applied to a semi-infinite solid 


with a slightly wavy boundary. The integrals are evaluated 


only in the case of normal load applied over the 
whole of the surface of a solid which has a sinusoidal 
boundary. G. Eason (Newcastle-upon-Tyne) 


1978-1182 ELASTICITY, PLASTICITY 
1178: 
Miranker, W. L. The wave equation in a medium in 
motion. IBM J. Res. Develop. 4 (1960), 36-42. 
Solutions are given for the transverse motion of an 
inextensible string moving between pulleys at constant 
speed. J. W. Craggs (Newcaatle-upon-Tyne) 
1175: 


the 


Flitman, L. M. Dynamic of the die on an 
elastic half-plane. Prikl. Mat. Meh. 23 (1959), 697-705 
(Russian); translated as-J. Appl. Math. Mech. 23, 997- 
1008. 

The dynamic, plane strain problem of the indentation 
of the surface of a semi-infinite solid by a smooth, rigid 
die is considered. The solid is assumed to be initially un- 
stressed. The author first considers the case of the semi- 
infinite punch and by means of one- and two-sided Lap- 
lace transforms he obtains a general solution for the sur- 
face stress and displacement in terms of integrals. A 
method of solution is suggested for the finite die. No 
numerical results are presented. 

G. Eason (Newcastle-upon-Tyne) 
1184: 


Li, Wen-Hsiung. Elastic flexible cable in 
under tension. J. Appl. Mech. 26 (1959), 587-593. 


The motion of a flexible extensible string can be de- 
scribed by a completely hyperbolic set of four linear partial 


in early stages of impulsive motion of beams. J. Appl. 
Mech. 27 (1960), 132-138. 
The paper applies to the response 


pendent on rate of loading 
that yield in shear would be negligible. 
J. Heyman (Cambridge, England) 


1186: 


Yanovskaya, T. B. On of Rayleigh waves in 
a spherical layer. Izv. Akad. Nauk SSSR. Ser. Geofiz. 
1958, 801-817. (Russian) 


Author’s summary : “This is a study of Rayleigh waves 
excited by a concentrated harmonic force on the free sur- 
face of a spherical layer surrounding an elastic sphere. It 
is shown that for a thin layer and high frequencies the dis- 
persion curves of the plane and spherical cases differ by 
quantities of the order of \/R.” 

I. Tolstoy, (Dobbs Ferry, N.Y.) 


1187: 

Agamirov, V. L.; Vol'mir, A.S. Behavior of cylindrical 
shells under dynamic loading with pressure from all sides 
or with axial com i Izv. Akad. Nauk SSSR. Otd. 
Tehn. Nauk. Meh. Madinostr. 1959, no. 3, 78-83. (Russian) 

A closed circular cylindrical shell subjected to the action 
of pressure from all sides is considered. The intensity of 
the pressure changes rapidly with the time so that the 
loading is considered to be of a dynamic character. This 
problem concerning the behavior of closed shells is 
analyzed under a non-linear “ ”. The inertia of dis- 


setting 
placement of the shell elements in radial directions is 
taken into account, whereas the inertia terms due to 
displacement of the points of the shell along the generator 
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plane motion 


Bleich, H. H.; Shaw, R. Dominance of shear stresses 


of beams having pre- 
scribed initial velocities. It is found that in the early 
states of motion, the shear stresses are much larger than 
the bending stresses, so that it is stated that first yield will 
occur in shear. However, the time of this predominance of 
shear stress is very short, and, since yield stress is de- 
, the reviewer is of the opinion 


and along the arc are neglected. Analogous results were 
obtained for the case when the shell was subjected to the 
dynamic action of an axial compressive force. A Be 

W. R. Callahan (Washington, D.C.) 


1188: 

Mindlin, R. D.; Fox, E. A. Vibrations and waves in 
elastic bars of cross section. J. Appl. Mech. 
27 (1960), 152-158. 

No general exact solution for the propagation of elastic 
waves in an infinite bar of rectangular cross-section is 
known. This paper gives a number of special solutions for 
bars with certain ratios of width to depth. These solutions 
are composed of coupled dilatational and equivoluminal 
waves and give information about the nature of the com- 
plete spectrum for bars with these cross sectional dimen- 
sions. H. Kolsky (London) 


1189: . 

Buchwald, V.T. Low flexural vibrations in 
elastic plates. Quart. J. Mech. Appl. Math. 12 (1959), 
454463. 

Making simple assumptions about the variation of the 
transverse displacement and shear stresses across the 
plate thickness, two equations for flexural vibrations are 
obtained. Solutions for phase and group velocities from 
these equations agree well with those from the exact 
equations for the propagation of plane flexural waves, if 
the frequency is fairly low; they are also compared with 
solutions from Mindlin’s equations [J. Appl. Mech. 18 
(1951), 31-38). G. B. Warburton (Edinburgh) 


1190: 
Davids, Norman. Transien’ of stress-wave 
penetration in plates. J. Appl. Mech. 26 (1959), 651-660. 
The expansion method used by Cagniard [Reflexion et 
ion des ondes seismiques progressives, Gauthier- Villars, 
Paris, 1939] in geophysical problems is here applied to an 
analysis of the propagation of a transient stress concen- 
trated at a point on the boundary of a plate whose thick- 
ness is of the same order as the effective pulse length. The 
particular case of a 1 inch thick aluminium plate sub- 


ating from a suddenly punched 


plate. J. Appl. Mech. 27 (1960), 165-171. 

The plane stress problem of a stretched infinite plate 
into which a circular hole is suddenly punched is con- 
sidered. The author states that in the high speed penetra- 
tion of a plate there is little plastic flow so that elastic 
conditions are assumed. The solution is obtained by means 
of the Laplace transform and its inversion integral. Contour 
integration is employed to obtain integrals which are 
evaluated numerically. Some numerical results are pre- 
sented in graphical form. 

G. Eason (Newcastle-upon-Tyne) 
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1192-1197 


1192: 

v. Krzywoblocki, M. Z. On the statistical mechanics of 
wave pro ion in nonhom solid bars. Bull. 
Soc. Math. Grace 31, 119-137 (1959). 

The techique of statistical mechanics has been applied 
by Kampé de Feriet to the problem of a vibrating string 
[Congrés Internat. Philosophie des Sciences, Paris, 1949, 
vol. 3, pp. 129-142, ‘Actualités Sci. Ind., no. 1137, Her- 
mann, Paris, 1951; Proc. 2nd Berkeley Symposium on 
Mathematical Statistics and Probability, 1950, pp. 553— 
566, Univ. of Calif. Press, Berkeley and Los Angeles, 
1951; MR 15, 477; 13, 895]. This paper extends this 
approach by considering wave propagation in solid non- 
homogeneous bars and shows that Kampé de Feriet’s 
method can be generalised to treat such problems. 


H. Kolsky (London) 


1193: 


Treitel, Sven. Thermal attenuation of nonlinear stress 
waves. J. Appl. Phys. 31 (1960), 391-395. 

This paper extends the work of Knopoff and MacDonald 
[Rev. Mod. Phys. 30 (1958), 1178-1192; MR 20 #5595] by 
including the effect of thermal losses on the attenuation 
of non-linear stress waves. It is shown that the damping 
of such a wave may be described in terms of two attenua- 
tion coefficients, one mechanical and the other thermal. 
For real solids the thermal coefficient will generally be very 
small compared to the mechanical one. 

H. Kolsky (London) 


1194: 

Bland, D. R. The theory of linear viscoelasticity. 
International Series of Monographs on Pure and Applied 
Mathematics, Vol. 10. Pergamon Press, New York- 
London-Oxford-Paris, 1960. vi+125 pp. $7.50. 

Although the fundamental ingredients of linear visco- 
elasticity theory have been available since the middle of 
the last century, the development of this subject re- 
mained dormant until some fifteen years ago when it 
began to experience a widening revival of interest, largely 
under the impetus of progress in high-polymer technology. 
Since that time the phenomenological aspects of visco- 
elasticity have received the growing attention of chemists, 
physicists, and rheologists, while engineers and applied 
mathematicians have been increasingly concerned with 
the solution of boundary-value problems appropriate to 
viscoelastic solids. The present brief monograph is written 
chiefty from the viewpoint of the applied mathematician 
but involves attempts to bridge the unhappy gap between 
the actual behavior of such materials and the formal ex- 
ploitation of simplified mathematical models, which are 
often safely removed from physical reality. 

Following a one-dimensional discussion of basic notions 
(based on the usual spring-and-dashpot models) the author 
turns to a chapter on “The foundations of three-dimen- 
sional linear viscoelasticity’’ which occupies a major por- 
tion of the book and is an elaboration of his own previous 
work [Proc. Roy. Soc. London. Ser. A 250 (1959), 524-549 ; 
MR 21 #1757]. His aim in this connection is to deduce the 
macroscopic constitutive law of a viscoelastic continuum 
from a set of hypotheses beginning with the postulate 
that “the microscopic structure of a linear viscoelastic 
material is mechanically equivalent to a network of linear 
viscous and elastic elements”. The statement of the re- 
maining postulates is occasionally deficient in meaning 


(e.g. Hypothesis 3: “The extension in each element is 
small’’) and the subsequent arguments are apt to be found 
wanting by both mathematically and physically inclined 
readers. Indeed, some readers might be led to wonder 
whether the author’s program of passing from a finite 
lattice model to the viscoelastic continuum, even if carried 
out convincingly, would serve an especially useful purpose. 
The remaining chapters are primarily devoted to visco- 
elastic stress analysis and include a number of interesting 
recent dynamic and quasi-static investigations. The book 
concludes with a short chapter on model fitting. Although 
there is no preface to indicate the author’s objectives, it 
appears that a comprehensive and systematic account of 
the linear theory of viscoelasticity was beyond his inten- 
tions. This impression is also confirmed by the highly 
selective manner in which supporting references are cited. 
E. Sternberg (Providence, R.1.) 


1195: 

Biot, M. A. On the instability and folding deformation 
of a layered viscoelastic medium in compression. J. Appl. 
Mech. 26 (1959), 393-400. 

The behavior of a layer of viscoelastic material em- 
bedded in a different viscoelastic medium is investigated 
when the layer is uniformly compressed parallel to an axis 
in its plane. The equations of elastic plate theory are 
developed for the layer including surface shear effects. 
The response of the embedding material is expressed in 
terms of the elastic half space problem. In the resulting 
relations, elastic constants are replaced by viscoelastic 
operators. Solutions are sought with sinusoidal space 
variation and exponential time growth, and the wave- 
length for maximum growth evaluated in particular cases. 
The influence of surface shear drag is shown to be small. 

A brief general discussion is appended on the limitations 
of the application of linear viscoelastic theory for incre- 
mental stresses and strains superposed on a body already 
stressed into the non-linear range of its constitutive 
equation. E. H. Lee (Providence, R.I.) 


1196: 

Kieffer, Jean. Sur l’existence et la forme des ondes per- 
manentes planes en milieu continu. C. R. Acad. Sci. 
Paris 244 (1957), 1717-1719. 

Materials with mechanical constitutive equations are 
considered, 

P(U, I’, ---, 1), e, e’, ---, e™) = 0, 


where I] is compressive stress and ¢ compressive strain, 
and superscripts signify time derivatives. Thus thermal 
effects are negligible. The conditions for a steady one- 
dimensional wave are written down. If no time derivatives 
occur in F, Hooke’s law offers the only possibility of 
steady waves, and they can be then of any shape. With 
time derivatives, steady waves are given as the solutions 
of differential equations. E. H. Lee (Providence, R.L.) 


1197: 
Olszak, W.; Perzyna, P. Variational theorems in 
general viscoelasticity. Ing.-Arch. 28 (1959), 246-250. 
The laws of linear viscoelasticity are written in opera- 
tional form for anisotropic materials. The resulting 
operational matrix is shown to be symmetric and positive 


definite. From these properties, variational principles for 
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the stress and strain distributions are developed in terms 
of kinematically admissible strain fields and statically 
admissible stress fields. These are generalized to the case 
when thermal e ion is taken into account. It seems 
to the reviewer that time should appear explicitly in these 
principles, since the solution to a viscoelastic problem 
comprises the time variation of stress and strain distribu- 
tions, with such a variation even under constant boundary 
conditions because of the viscoelasticity of the material. 
E . H. Lee (Providence, R.I.) 


1198: 

Das, Sisir Chandra. Comparison of flow lines in various 
types of rheological bodies. Canad. J. Phys. 38 (1960), 
32-37. 

A Bingham material with the yield condition o,— 
o2=2v is subject to the two-dimensional deformation 
produced by compression between rough parallel rigid 
plates. Flow lines are determined and are compared with 
the corresponding fields for plastic and Newtonian viscous 
flow. J. E. Adkins (Nottingham) 


1199: 

Perzyna, Piotr. Stress waves in a homogeneous elastic- 
visco-plastic medium. Arch. Mech. Stos. 11 (1959), 441- 
473. (Polish and Russian summaries) 

Introduction of rate effects in plastic wave theory is 
discussed briefly, and equations formulated for elastic- 
viscoplastic shear behavior, represented by a Maxwell 
model in series with a parallel arrangement of a viscous 
and a plastic element for the stress and strain deviator 
relation. Assuming elastic behavior in dilatation, the 
system of equations for spherical waves is presented, and 
their characteristics and characteristic relations deduced. 
Discontinuity conditions for shocks are also developed. 
Characteristic relations are presented as finite difference 
equations, and the formulation of solutions including un- 
loading when no plastic strain increments occur is pre- 
sented. A similar analysis for cylindrical waves is also 
developed. 

The page order is incorrect towards the end, although 
numbered serially, but equation numbers permit this to 
be easily rectified. E. H. Lee (Providence, R.1.) 


1200: 

Bowsher, John M. On “plastic” waves in solids. 
Canad. J. Phys. 37 (1959), 1017-1035. 

This paper contains little of mathematical interest. It 
reviews the shortcomings of plastic wave theory, and 
presents some new experimental results on lead. To the 
reviewer, the discussion appears to adduce concepts from 
linear theory, such as frequency dispersion, and attenu- 
ation, when they cannot be usefully applied in a non-linear 
problem because such aspects cannot be separated. 
Statements such as: that the classical theories of plastic 
wave propagation “are only extensions of ordinary 
elasticity theory to finite strains”, appear to indicate a 
lack of understanding of the concepts involved. 

EB. H. Lee (Providence, R.1.) 


1201: 

Rakhmatulin, Kh. A. On the propagation of elastic- 
plastic waves owing to combined loading. J. Appl. Math. 
Mech. 22 (1958), 1079-1088 (759-765 Prikl. Mat. Meh.). 


Propagation of plastic waves in two dimensions is con- 
sidered through the problem of a slab, long in the y direc- 
tion, impacted obliquely on the yz plane with velocity 
parallel to the zy plane. The resulting waves are propa- 
gated in the z direction. Conditions are averaged over the 
narrow width fh in the z direction, and the resulting 
problem is two-dimensional with the averaged displace- 
ment components u°(z, t), v(x, t). Deformation type plas- 
ticity conditions are assumed, and the solution leads to 
one-dimensional compressive waves pro from the 
surface of contact as in the classical plastic wave theory, 
followed by a strong shock behind which uniform com- 
bined stresses including shear occur. Both slipping and 
sticking are considered at the impact. surface. The special 
case of elastic behavior is presented. The analogous prob- 
lem of plane strain is studied, and also of torsion with 
compression of a thin tube, both of which reduce to the 
previous mathematical form. 

The reviewer found difficulty in following certain aspects 
of this paper which may have been due in part to printing 
or translating errors. For example, a change in the 
generalized stress-strain curve was demanded at the onset 
of combined stress, which seems not to be in accord with 
this concept. E. H. Lee (Providence, R.I.) 


1202: 

Rahmatulin, H. A. On the elasto-plastic wave propaga- 
tion in a half-space. Prikl. Mat. Meh. 23 (1959), 419-424 
(Russian); translated as J. Appl. Math. Mech. 23, 601- 
609. 

A semi-infinite solid medium is subjected to a pressure 
distribution (not necessarily either steady or uniform) 
applied at its plane surface. Attention is given to the dis- 
cussion of the general problem of wave propagation (for 
small disturbances), the medium being taken to be either 
elastic or elastic-plastic or rigid-plastic. The complexity 
of this problem is only too apparent, and, for this reason, 
an approximate simplified procedure is proposed. In this 
procedure consideration is entirely restricted to the com- 
ponent of displacement that is normal to the surface (i.e., 
parallel to the direction of applied pressure). This normal 
displacement component is take to satisfy the classical 
three-dimensional wave equation, the value(s) of the wave 
velocity being appropriately chosen according to the 
mechanical behaviour envisaged. Formal solutions of the 
wave equation are derived through reference to classical 
methods. Specialization is made to the particular case 
when, after some definite time, constant pressure is 
applied over a circular area of the plane surface of the 
medium. No discussion is given by the author of specific 
physical situations to which the present investigation could 
find application. However, certain aspects of the motion 
produced under conditions of violent impact occurring at 
the surface of a solid medium of sufficient extent might 
perhaps be approximately investigated in such a manner. 
The broad justification for the present approximate pro- 
cedure is based upon the assumption that the magnitude 
of the normal displacement component predominates 
over the magnitudes of the other (transverse) components. 
It is not easy to assess the degree of approximation intro- 
duced by the adoption of this assumption but this question 
is given some discussion by the author. 

; H. G. Hopkins (Sevenoaks) 
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1203: 

Perzyna, Piotr. Propagation of elastic-plastic waves in 
a non-homogeneous medium. Arch. Mech. Stos. ll 
(1959), 595-612. (Polish and Russian summaries) 

A discussion is given of the theory of the propagation of 
small-amplitude, one-dimensional, elastic-plastic loading 
waves in a non-homogeneous, rate-independent medium 
for which the density and the elastic and plastic moduli 
are general functions of position. The object is to solve 
formally this problem for a general, increasing pressure 
distribution p(t) applied at the surface z=0 of the semi- 
infinite medium x > 0. The assumed inhomogeneity of the 
medium results in curvilinear systems of characteristics 
of the governing equations. This feature is stated to com- 
plicate considerably the derivation of solutions through 
the use of numerical techniques based upon character- 
istics theory. In this paper, it is shown (partly with use of 
previous work) that purely analytical solutions may be 
obtained formally through reduction to a number of 
inter-related basic boundary-value problems of hyperbolic 
partial differential equations. The procedures involved 
are not summarized in this review but it may be noted 
that it is necessary to distinguish between cases according 
to the value of the initial stress (or strain) and that 
iterative processes are required following the introduction 
of Picard-type problems. The paper concludes by giving 
the formal solution of the wave propagation problem for 
the particular situation when p(t)=po+mt and the 
medium is taken to have constant density and elastic 
modulus Zo and varying plastic modulus Zo(1 + Ar)-? and 
elastic limit of strains ¢,°(1+ Ax). It is suggested, without 
discussion, that this type of inhomogeneity may be 
relevant to soils. H. @. Hopkins (Sevenoaks) 


of disturbances in 
media having a nonlinear dependence of the stresses on the 
i . Soviet Physics. Dokl. 120 (3) 
(1958), 503-506 (730-733 Dokl. Akad. Nauk SSSR). 

In plastic wave propagation theory, a stress-strain 
curve concave to the stress axis leads to shock waves 
which have commonly been analyzed under neglect to 
thermal effects. The present paper gives complete theory 
for one-dimensional waves in a material for which internal 
energy is a function of strain and entropy. A simple wave 
type solution is obtained using the dimensional methods 
of Sedov [Similarity and dimensional methods in mech- 
anics, Academic Press, New York, 1960; MR 21 #6840]. 
Different situations arise depending on the sign of the 
second derivative of stress with respect to strain at con- 
stant entropy, and the variation of the sign with strain. 
Strong shocks, weak shocks, and regions of continuous 
variation occur, and particular situations are cited. When 
non-uniqueness of solution arises, it can sometimes be 
resolved by instability of the resulting shocks, but some 
non-unique cases remain. H. Lee (Providence, R.I.) 


1205: 
Karunes, B.; Onat, E. T. On the effect of shear on 
deformation of beams under transverse impact 
nding. J. Appl. Mech. 27 (1960), 107-110. 
uthors’ summary: “The impact problem for a rigid- 
plastic beam is formulated by using an interaction curve 


relating shearing force and bending moment for fully 
plastic action, and allowing for shear and rotary inertia 
effects. Using a simplified interaction diagram, the problem 
of point-impact loading is solved for « special case. The 
analysis shows that the shear effects are of considerable 
importance when the parameter po = 2Qol/Mo is less than 
cross section for pure shear and bending, respectively, and 
21 is the length of the beam.” 

G. Eason (Newcastle-upon-Tyne) 


1206: 

Budiansky, Bernard; 0. L. Plastic stress 
concentration at a circular hole in an infinite sheet sub- 
jected to equal biaxial tension. J. Appl. Mech. 27 (1960), 
59-64 


An infinite sheet with a circular hole at the origin is sub- 
jected to pure biaxial tension at infinity. The material of 
the sheet is assumed to be elastic-plastic according to the 
Ramberg-Osgood law. Since the solution at any time must 
be geometrically similar, it is found possible to eliminate 
the space variable from the problem and find directly a 
universal stress-history relation between the dimension- 
less radial and tial stresses. The value of the ratio 
of circumferential stress to stress at infinity at the point 
in this history where the radial stress vanishes then gives 
the desired stress-concentration factor. Also, with the 
stress-history relation known, the spatial distribution of 
stresses is readily found. 

A deformation plasticity theory is assumed and the dif- 
ferential equation for stress history obtained. This is 
integrated numerically as a function of the stress at 
infinity for various values of the parameter n. The stress 
concentration factor decreases significantly with stress at 
infinity from its elastic value of 2. It varies significantly 
with n for small n, but approaches the values of the per- 
fectly plastic solution rather rapidly as n becomes large. 

It is found that stress history at a given spatial point 
is very nearly radial in stress space and that the Budian- 
sky criterion for deformation theory [B. Budiansky, 
same J. 26 (1959), sande MR 21 #2421] is certainly 
satisfied. 


P. G. Hodge, Jr. (Chicago, Ill.) 


1207: 

0. L. Stresses in the plastic range around 
a normally loaded circular hole in an infinite sheet. J. 
Appl. Mech. 27 (1960), 65-73. 

The techniques of the preceding paper (see review above) 
are used for the case where a radial load is applied to the 
inner edge of the hole and the sheet is stress-free at 
infinity. In addition, the problem is also solved for a cor- 
responding flow theory. For the latter problem, it is found 
that a series of transformations again leads to a single 
differential equation for the universal stress-history rela- 
tion. Although this equation is more complex, it can still 
be solved numerically. 

A comparison of the results shows that the flow and 
deformation theories give similar predictions for all 
variables. Although, in this case, the stress history at a 
given point is far from radial, it never-the-less satisfies the 
Budiansky criterion. 

The analysis is restricted to small strains for which 
ening of the sheet can 
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1208: 
Lepik, Yu. R. Uber den Einfluss der - 
mung und exzentrischen Belastung auf die Durchbiegungen 


elastisch-plasticher Druckstabe. Tartu Riikl. Toimet- 
ised (1958), 142-158. (Russian. Estonian and Ger- 
man summaries) 

Aus der Zusammenfassung des Autors: “In der letzten 
Zeit sind mehrere Arbeiten erschienen, in denen das 
Gleichgewichtsproblem elastisch-plastischer Druckstibe 
behandelt wird fiir den Fall, dass der Stab eine kleine 
Anfangskriimmung hat oder dass die Belastung exzen- 
trisch angesetzt ist. Beinahe bei allen diesen Arbeiten 
werden gewisse Vorausse eingefiihrt, die das 
Lésen der gestellten Aufgabe erleichtern sollen (z. B. es 
wird angenommen, dass die Form des durchgebogenen 
Stabes einer Sinuskurve angenahert werden kann ; es wird 
das Entlastungsgebiet im Stabe nicht beriicksichtigt ; in 
manchen Fallen werden reale Stibe durch idealisierte 
Modelle ersetzt usw.). 

“In der vorliegenden Arbeit wird die gestellte Aufgabe 
ohne solche Zusatzbedingungen gelist. Es wird ein 
allgemeines Rechnungsschema gegeben, bei dem auch der 
Einfluss des Entlastungsgebiets in Betracht gezogen 
wird.” 


1209: 

iygi, E. (Jogi, E.] Uber einige Falle der Knickung 
elastisch-plastischer Stabe bei Uberschreitung der elastizi- 
tiitsgrenze. Tartu Riikl. Ul. Toimetised 62 (1958), 159- 
168. (Russian. Estonian and German summaries) 

Aus der Zusammenfassung des Autors : “In vorliegender 
Arbeit ist dieses Problem fiir einige spezielle Fille der 
Einspannung des Stabes geliést und zwar: (1) fiir den Fall, 
dass der Stab an beiden Enden fest eingeklemmt ist, (2) 
fiir den Fall, dass das eine Ende fest eingeklemmt ist, das 
zweite aber frei gleiten kann ohne Drehméglichkeit, (3) 
fiir den Fall, dass das eine Ende eingeklemmt ist, das 
zweite frei beweglich ist.” 


1210: 

Ivlev, D. D. On isotropic hardening of plastic bodies. 
Dokl. Akad. Nauk SSSR 127 (1959), 777-779 (Russian) ; 
translated as Soviet Physics. Dokl. 4 (1960), 913-915. 

An isotropic strain-hardening law for rigid/plastic solids 
is proposed in the form f(o1y, { eydoy)=0 where oy is 
stress and e; is strain-rate. In addition f acts as plastic 
potential, so that the integral vanishes when there is no 
hardening. The author does not say whether the proposed 
relation is intentionally dimensionally inhomogeneous in 
time. R. Hill (Nottingham) 


1211: 
Sedov, L. I. On the concepts of simple 


and on 
possible deformation Prikl. Mat. Meh. 23 (1959), 
400-402 (Russian); translated as J. Appl. Math. Mech. 23, 
568-571. 

Simple loading is defined as a process in which each of 
the strain components at each point stay in the same pro- 
portion at all times. Thus 


eg(€1, 2, és, t) = k(t)e® €1, £3). 


3—a.R. 28 


The author shows that for finite strains the strain com- 
ponents must satisfy certain differential equations which 
represent generalized compatibility relations. By means of 
a simple example he demonstrates that a strain state 
which satisfies these equations with k=1 representing 
compatibility of the final strain state does not satisfy them 
for 0<k <1 and hence cannot be reached by simple load- 
ing. Only if the strains are considered to be infinitesimally 
small can an arbitrary compatible state be reached by 
simple loading. He concludes that the concept of simple 
loading must be used with care if finite deformations 
are to be considered. P. G. Hodge, Jr. (Chicago, Til.) 


1212: 

Vakulenko, A. A. A thermodynamic investigation into 
the relation between stress and deformation in isotropic 
elastoplastic media. Dokl. Akad. Nauk SSSR 126 (1959), 
aoe (Russian) ; translated as Soviet Physics. Dokl. 4, 

7-700. 

In previous reports [e.g. same Dokl. 118 (1958), 665- 
668 ; MR 20 #3664] the author developed rheological equa- 
tions “on the basis only of the first and second laws of 
thermodynamics and the decomposition of deformation 
. .. into its elastic and permanent parts”. The purpose of 
the present note is “to illuminate the possibility of using 
these equations to work out, with a thermodynamic basis, 
the rheological foundation of the theory of nonelastic 


behavior of hard bodies such as metals used in ineer- 
ing”. F. J. Lockett (Sevenoaks) 
1213: 

Sokolovskii, V.V. Longitudinal displacement of plastic 
mass between non-circular i Prikl. Mat. Meh. 


23 (1959), 732-739 (Russian) ; translated as J. Appl. Math. 
Mech. 23, 1043-1053. 

A plastic mass is contained between two perfectly rough 
non-circular coaxial cylinders, and one cylinder is moved 
longitudinally with respect to the other. The non-trivial 
stresses and strains are rxz, ryz, yxz, yyz where z is the 
axial coordinate. The stress-strain relation is of the form 
t=7(y) where y? = yaz?+yyz*. Complete 
equations are set up for an arbitrary stress-strain relation. 

For an elastic material the 7-y relation is linear. A 
particular plastic relation of the form 


= 2hy(1+4m*%y2)-1/2 


is considered. By a series of transformations it is shown 
that the plastic problem can be solved whenever the 
elastic solution is known. As an example, the case of two 
confocal ellipses is considered. 

P. G. Hodge, Jr. (Chicago, Ill.) 


1214: 

ErSov, L. V. Elasto-plastic state of a conical and of a 
twisted pipe. Vestnik Moskov. Univ. Ser. Mat. Meh. Astr. 
Fiz. Him. 1958, no. 3, 19-26. (Russian) 

The author investigates elasto-plastic deformations 
and stresses of a thick-walled conical pipe and also of a 
thick-walled torus. Using the theory of small elasto- 
plastic deformations with gradually increasing resistance, 
as it is presented in the book by A. A. Il’yudin, Cast’ 
pervaya. U iéeski it [OGIZ, Moscow- 


‘prugosplastiéeskie deformacit 
Leningrad, 1948; MR 12, 373], the author linearizes the 
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1215-1221 ELASTICITY, PLASTICITY 


problem. He derives general formulas for an arbitrary body 
of revolution, and then applies them to a conical tube and 
to a torus. The variations of stress and displacements are 
in both cases illustrated in graphs. 

T. Leser (Aberdeen, Md.) 


1215: 

Paul, Burton. Carrying of elastic-plastic 
shells with various end conditions, under hydrostatic com- 
pression. J. Appl. Mech. 26 (1959), 553-560. 

The range of validity of related work by B. Paul and 
P. G. Hodge [Proc. 3rd U.S. Nat. Cong. Appl. Mech., 
Brown Univ., Providence, R.I., June 11-14, 1958, pp. 631-— 
640; A.S.M.E., New York, 1958] on simply-supported 
short shells of elastic/plastic material is established, and 
another solution presented for long shells. Characteristic 
radially-symmetric modes of failure are found for the two 
cases, covering the whole range of simply-supported shells. 
A similar treatment is given for shells with both ends 
clamped, or with one clamped and the other simply- 
supported. The analysis takes some account of the so-called 
beam-column effect. A polyhedral yield and potential 
surface is assumed in the space of the three stress re- 
sultants. Comprehensive graphical results are presented. 


R. Hill (Nottingham) 


1216: 

Sawezuk, Antoni. Linear theory of plasticity of aniso- 
tropic bodies and its applications to problems of limit 
analysis. Arch. Mech. Stos. 11 (1959), 541-557. (Polish 
and Russian summaries) 

For an isotropic material the piecewise linear yield 
condition of maximum shearing stress frequently gives 
mathematically tractable and physically significant re- 
sults. Here the author considers two possible generaliza- 
tions to orthotropic materials based upon tensile stress or 
shearing stress, respectively. Resulting yield conditions 
and flow laws are presented in the general three-dimen- 
sional case and for plane stress. The latter equations are 
then used to solve sample problems in the bending of a 
circular plate and the expansion of a circular cylindrical 
shell. In the latter problem it is shown that for maximum 
strength short shells should be strengthened with longi- 
tudinal stiffeners and long shells with circumferential 
stiffeners. P. G. Hodge, Jr. (Chicago, Til.) 


1217: 

Olszak, W.; Sawezuk, A. Limit analysis and limit de- 
sign of non-homogeneous and orthotropic structures. I. 
Plates. Acta Mech. Sinica 3 (1959), 309-324. (Chinese) 

The paper discusses limit analysis and design of plates 
(and shells in a second installment) composed of non-homo- 
geneous and orthotropic materials such as reinforced 
concrete. Discussion is given on circular and 
plates, reinforced plates, and flat slabs, and is based mainly 
upon the authors’ previous works which were mostly 


published in Poland. Yi-Yuan Yu (Brooklyn, N.Y.) 
1218: 
Ivlev, D. D. indentation into a 


half-space. Prikl. Mat. Meh. 23 (1959), 274-281 (Rus- 
sian) ; translated as J. Appl. Math. Mech. 23, 394-404. 
Characteristic relations for the stress and velocity fields 


are obtained for a fully plastic state such that, in spherical 
coordinates, the velocity is proportional and perpendicular 
to the radius, the strain-rate being everywhere a pure 
shear over concentric spherical surfaces. The relations are 
ingenious generalizations of the well-known Hencky and 
Geiringer equations in plane strain, these being obtained 
in the limit when the radial coordinate becomes large. 

A stress field is given for the correspondingly generalized 
Prandtl punch problem, the contact area being a sector 
between two radii. The same uniform contact pressure is 
found. No velocity field (nor confirmation of positive 
work-rate) is obtained, the calculation being indicated 
only in principle. Indentation by a rectangular punch is 
also treated. R. Hill (Nottingham) 


1219: 

Thomas, T. Y. Rupture of round bars by tension. J. 
Math. Mech. 8 (1959), 1-25. 

Surfaces of fracture or rupture are considered as sur- 
faces of strong instability, for which a small discontinuity 
in velocity or its derivatives becomes indefinitely large in 
a finite time when analysed on the basis of plasticity 
theory. By considering first a plane surface £, normal to 
the axis of the round bar, the material is elastic, rigid and 
at rest on one side, because ideal plastic flow at constant 
stress is considered to occur on the other. A discontinuity 
in radial velocity is postulated across X, z= 0 in cylindrical 
coordinates. When the bar is in tension, the analysis shows 
this discontinuity to increase indefinitely with time, and 
hence & to be a rupture surface. However, this result 
arises purely because of the existence of non-accelerated 
motion since homogeneous stress is assumed. The plas- 
ticity conditions are considered only in the region z <0, 
and are violated across £, z=0, where the tangential 
velocity discontinuity corresponds to infinite shearing 
strain rate which is incompatible with the zero shear stress 
across &. Thus the postulated velocity discontinuity, on 
which the result depends, is not compatible with the 
plasticity theory used. A similar theory is developed for 
surfaces of revolution and the situation when plasticity 
occurs on both sides of £. 2. H. Lee (Providence, R.1.) 


1220: 

Bland, D. R. Vector fields associated with 
plasticity. Quart. Appl. Math. 14 (1956), 321-323. 

[This paper was listed by title in MR 21 #4649.] 

Symmetric tensor oi can be associated with vector v; by 
oy=Miy+Nvw;, M and N functions of vz2. Conditions 
on M, N and v for satisfaction of equilibrium equations are 
given. Plasticity condition f(J1, J2)=0, I; and J: first and 
second invariants of oj, determine plastic stress fields 
each of which can be associated with infinite choice of v’s. 


‘Certain velocity fields suggested by fluid motion lead to 


known yield conditions. Conditions on velocity fields for 
Mises and Tresca laws for plane motion are presented. 
E. H. Lee (Providence, R.I1.) 


1221: 
Perrone, Nicholas. Strain-hardening solutions to axi- 
— disks and tubes. J. Appl. Mech. 27 (1960), 


Author’s summary : “Solutions are obtained for annular 


disks and tubes made of a linearly strain-hardened 
material, loaded by a uniform tensile load on the outer 
boundary. The strain- ing is assumed to follow a 
kinematic hardening flow law. In addition, a second solu- 
tion for tubes which accounts for finite deformation is 
determined. Some numerical comparisons are made with 
existing isotropic hardening solutions.” 

J. Heyman (Cambridge, Mass.) 


1222: 

Shaffer, Bernard W.; Ungar, Eric E. Mechanics of the 
sheet-bending process. J. Appl. Mech. 27 (1960), 34-40 

A flat sheet is finitely bent in plane strain by edge 
couples into a cylindrical annular sector. The material is 
incompressible elastic/plastic, non-hardening, with maxi- 
mum shear yield. The unloading process and residual 
stresses are primary objects of investigation. The analysis 
is straightforward but tedious, and the solution is left in 
complicated implicit form. A few numerical results on 
springback are given. R. Hill (Nottingham) 


1223: 

Jenike, A. W.; Shield, R. T. On the plastic flow of 
Coulomb solids beyond original failure. J. Appl. Mech. 26 
(1959), 599-602. 

A varying closed-pyramid yield surface in stress space 
is proposed for Coulomb solids whose cohesion 
during plastic flow. The characteristics of the stress and 
velocity equations in plane strain are determined, the 
plastic potential being assumed coincident with the yield 
function. From data on actual bulk solids it appears that 
in continued (but not incipient) flow the material can be 
treated as incompressible. R. Hill (Nottingham) 


1224: 

Olszak, W. On engineering applications of the theory 
of plasticity of non- media. Acta Mech. 
Sinica 3 (1959), 298-308. (Chinese) 

The paper summarizes previous results obtained by the 
author (mostly published in Poland) on the theory of plas- 
ticity of non-homogeneous media the elastic and plastic 
properties of which vary with the space coordinates. 
Among the problems discussed are those of a concentrated 
force on a semi-infinite plate, the circular cylinder with an 
eccentric hole, the rotating disk, the thick-walled cylinder 
and sphere, non-linear bodies, and granular media. Limit 
analysis and design of plates and shells composed of such 
non-homogeneous materials are discussed in a separate 
paper. Yi-Yuan Yu (Brooklyn, N.Y.) 


1225: 

sphirischen Polymeren. Z. Angew. Math. Mech. 38 
(1958), 337-343. 


This is a discussion of special forms of equations of non- 
linear thermoelasticity theory considered to be appropriate 
for high polymers and related material on the physics of 
high polymers. J. L. Ericksen (Baltimore, Md.) 


1226: 

Ignaczak, Jézef. Direct determination of stresses from 
the stress equations of motion in icity. Arch. Mech. 
Stos. 11 (1959), 671-678. (Polish and Russian sum- 
maries) 

Equations of Beltrami-Michell are generalized to the 
moving body. Formal solution for an infinite medium 
loaded by arbitrary body forces is presented and is special- 
ized to the case of an instantaneous nucleus of thermo- 
elastic strain. 

As a further generalization the equations in terms of 
stress for a moving body with non-uniform temperature 
are derived. It is shown that in the absence of body forces 
these equations assume the form of a product of two wave 
operators. Green’s function is constructed for the infinite 
region. No numerical results are presented. 

H. Parkus (Vienna) 


1227: 

Olesiak, Z.; Sneddon, I. N. The distribution of thermal 
stress in an infinite elastic solid containing a penny- 
crack. Arch. Rational Mech. Anal. 4, 238-254 (1960). 

Based on the equations of steady-state linearized thermo- 
elasticity with temperature-independent coefficients the 
authors present a solution for the state of stress in an 
infinite body with a penny-shaped crack. The surface of 
the crack is exposed to a prescribed axisymmetrical heat 
flux and to a prescribed axisymmetrical pressure distribu- 
tion. Method of solution employed is the Hankel transform 
leading to a dual integral equation. 

Two special cases are considered: heat input constant 
over surface of crack, and heat input expandable in a 
Fourier-Bessel series. Internal pressure is assumed to be 
zero in both cases. Boundary values of the normal dis- 
placement are given in closed form. 

Finally the case in which the temperature rather than 
the heat input is prescribed on the surface of the crack is 
treated in a similar way. H. Parkus (Vienna) 


1228: 

Rozovskii M. I. Stresses in a symmetrically heated 
spherical shell whose mechanical properties depend on time 
and temperature. Soviet Physics. Dokl. 120 (3) (1958), 
667-671 (265-268 Dokl. Akad. Nauk SSSR). 

Spherical shell with traction-free surfaces and tempera- 
ture a function of radius and time is considered. Linear 
hereditary material is assumed with memory kernel a 
function of time, temperature and radius. Problem is set 
up as a mixed two-dimensional integral equation, and the 
solution is expressed in terms of the resolvent kernels of 
certain auxiliary kernels. 

Special case where elastic constants and hereditary 
kernels vary with temperature 7' through an exponential 
factor exp (— mT’) leads to a simple integral equation and 
the solution is presented. Particular example for constant 
radially varying eee field is given. 

E. H. Lee (Providence, R.I.) 
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| 960), Stanixi¢é, M. M.; McKinley, R. M. A note on thermal 
stresses in hollow cylinders. Ing.-Arch. 27 (1959), 227- : 
nular 241. 
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STRUCTURE OF MATTER 
See also 1149. 


1230: 

Moret-Bailly, Jacques. Etude des premiers termes du 
développement en série du d’une fonction totalement symétrique 
dun moment angulaire dans un probléme 4 symétrie 
tétraédrique. C. R. Acad. Sci. Paris 250 (1960), 1198- 
1199. 


1231: 

Tyablikov, 8. V. Lagging and anticipating Green func- 
tions in the theory of ferromagnetism. Ukrain. Mat. Z. 
11 (1959), 287-294. (Russian. English summary) 

Author’s summary: “The paper outlines a method of 
calculating the basic thermodynamic characteristics of 
ferromagnetism by means of the lagging and anticipating 
temperature functions of Green. It is shown that their 
application is particularly convenient in view of the pos- 
sibility of an analytical continuation in a complex plane.” 


1232: 
Mase, Shoichi. Algebraic method to obtain irreducible 
tations of space groups with an application to 
white tin. J. Phys. Soc. Japan 14 (1959), 1538-1550. 
Zur Berechnung der irreduziblen Darstellungen von 
Raumgruppen wird eine algebraische Methode ausgear- 
beitet, und die Brauchbarkeit dieses Verfahrens wird am 
Beispiel des weissen (metallischen) Zinns Das 
tetragonale Gitter dieses Metalls entspricht der Schoen- 


fliesschen Raumgruppe 


Mauguin, und besitzt unter seinen Symmetrieelementen 
Schraubungen und Gleitspiegelungen. Es wird gezeigt, 
dass es bei Anwendung der besprochenen Methode geniigt, 
explizit nur ebenso viele Symmetrieelemente zu_be- 
handeln, als die Punktgruppe des fraglichen Kristalls Sym- 
metrieoperationen enthalt, ganz unabhaingig vom Spin 
und anderen Eigenschaften. Das bedeutet eine grosse 
Vereinfachung gegeniiber den iiblichen gruppentheoreti- 
schen Methoden. 

In der Einleitung wird die Raum- und Punktgruppe des 
betrachteten Gitters besprochen, wobei der Verfasser die 
Bezeichungen von Seitz benutzt. Bedeutet @ die Raum- 
gruppe und & die Gruppe der reinen Translationen, so be- 
steht die Gruppe G(k) der Wellenzahl & aus den Elementen 
von G/T, welche der Bedingung ak = k + h (wo h der Vektor 
des reziproken Gitters ist), geniigen. Danach werden 
einige Satze, welche zur Herleitung der irreduziblen Dar- 
stellungen notwendig sind, zusammengestellt. Im niich- 
sten Abschnitt werden die 16 Elemente der Punktgruppe 
des betrachteten Gitters besprochen. Fiir diese wird eine 
Multiplikationstabelle angegeben und die Elemente von 
@(k) werden ebenfalls tabellarisch zusammengestellt. 
Weiter werden die Darstellungen fiir die Algebren iiber 
den k-Vektoren (ohne und mit Spin) berechnet. Im 
letzten Teil wird der Ubergang von grauem zu weissem 
Zinn besprochen, wobei die gruppentheoretischen Eigen- 
schaften des grauen Zinns (Raumgruppe 0,7’) ebenfalls 
tabellarisch zusammengefasst werden. Man erhalt zwar 
auf diesem Wege die meisten Symmetrieeigenschaften 


STRUCTURE OF MATTER - FLUID MECHANICS, ACOUSTICS 


des weissen Zinns, doch ist die in dieser Arbeit be- 
sprochene Methode deshalb keinesfalls tiberflissig, weil 
es unter den 230 Raumgruppen der Kristalle viele gibt, 
welche Schraubenachsen und Gleitspiegelungen unter 
ihren Symmetrieoperationen enthalten. Im pm wer- 


FLUID MECHANICS, ACOUSTICS 
See also 1180, 1198, 1331, 1403, 1424, 1431, 1432, 1433, 1435. 


1233: 

Polubarinova-Kotina, P. Ya. A point source and a 
vortex filament in a helical current. Prikl. Mat. Meh. 23 
(1959), 785-789 (Russian); translated as J. Appl. Math. 
Mech. 23, 1122-1125. 

The two-dimensional or two-parameter helical flow 
determined by 


(eae) 


= 0, ¥(0,r) = 
has the solution 


= constant 


z cos ky/(z? +r?) 
Vv (2? +1?) 


(*) 008 ke 


Put C=0, k=0; then f=ypo(l—z/+/(z*+r?)) a point 
source. Put %o=0, k=0, then g,=C/r, a line vortex along 
the axis. Thus (*) gives helical flow with a source and 
vortex. L. M. Milne-Thomson (Madison, Wis.) 


1234: 

Ghosh, N. L.; Chatterjee, H. K. Resistance in ag 
flow of real fluids: Prolate and oblate spheroids. 
Nat. Inst. Sci. India. Part A 25 (1959), 83-98. 

The authors calculate the drag and rate of dissipation 
on spheroids in a uniform stream, assuming potential! flow 
and determining the viscous stresses on the bodies from 
the corresponding velocity distributions. Simple momen- 
tum flux considerations show that the drag should always 
vanish in this type of calculation, although the authors 
obtain nonzero values. D. Gilbarg (Stanford, Calif.) 


1235: 
Polé3ek, Jan. Zur Berechnung der 
i Strémung fiir ebene Schaufelgitter 
Angew. Math. Mech. 39 (1959), 495-501. 
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1236: 

Patraulea, N.N. Uber die Lésung des verallgemeinerten 
Prandtischen Problems. Rev. Méc. Appl. 3 (1958), no. 4, 
405-416. 

The author considers the following boundary value 
problem, which has application to the linearized theory 
of lifting surfaces of finite span : To determine a harmonic 
function » in a domain bounded by an open surface D 
and surfaces D,; such that (1) the normal derivative of p 
is continuous across D; (2) on D, 


= F(P)+O(P) 
where F and G are given functions ; (3) ap/@n = Fi(P) for 
Pe Dy, where F; is a given function consistent with the 
Neumann problem for D;. D; need not be joined to the 
surface D. The general problem is solved by reduction to 
a linear integral equation of Fredholm type. The 
analogous two dimensional problem is also treated. 
D. Gilbarg (Stanford, Calif.) 


1237: 

Parhomovskii, 8S. I. Virtual masses of some curvilinear 
contours immersed in detached flow. Prikl. Mat. Meh. 23 
(1959), 585-588 (Russian); translated as J. Appl. Math. 
Mech. 23, 827-833. 

An exact solution in closed form of the problem of the 
detached potential flow of an incompressible perfect fluid 
for a two parameter family of curves was given by Pyhteev 
[Dokl. Akad. Nauk SSSR 108 (1956), 34-37; MR 18, 438]. 
The author considers the additional impulsive flow which 
results when a curve of this family suddenly acquires both 
a velocity of translation and an angular velocity. 

W. D. Collins (Newcastle-upon-Tyne) 


1238: 

Sparenberg, J. A. Application of lifting surface theory 
to ship screws. Nederl. Akad. Wetensch. Proc. Ser. B 
(1959), 286-298. 

Fiir eine einfliiglige Schiffsschraube wird die Integral- 
gleichung zur Bestimmung des Zusammenhanges zwischen 
der Geometrie und der Druckverteilung bei reibungsloser, 
inkompressibler Strémung hergeleitet. Die Rechnung 
wird mit Hilfe des von L. Prandtl angegebenen Beschleu- 
nigungspotentials durchgefiihrt, wobei einmal eine Di- 
polbelegung, zum anderen eine Zirkulationsbelegung auf 
der Schraubenfliche angeordnet wird. Die fiir eine 
Erweiterung der Rechnung auf mehrfliiglige Schrauben 
notwendigen Beziehungen werden ben. Numerische 
Beispiele sind nicht gerechnet worden; hierfiir wird die 
Verwendung einer Rechenanlage als notwendig erachtet. 

L. Speidel (Miilheim) 


1239: 

Moiseev, N. N. On the theory of nonlinear vibrations of 
a liquid of finite volume. J. Appl. Math. Mech. 22 (1958), 
860-872 (612-621 Prikl. Mat. Meh.). 

The paper treats free and forced interactions of a 
gravitating incompressible liquid of finite volume with a 
free surface. Perturbation series in the amplitude are 
introduced to deal with vibrations of finite amplitude in 
the neighborhood of the equilibrium position; in parti- 
cular, it is shown that the series can in principle be com- 
puted to any order of magnitude. The author remarks that 
the convergence of the series would be very hard to prove, 


for one thing because of the fact that the so-called “diffi- 
culty with small divisors” comes up inevitably. 
J .J. Stoker, Jr. (New York) 


1240: 

Kolberg, F. Der Wellenwiderstand von Schiffen auf 
flachem Wasser. Ing.-Arch. 27 (1959), 268-275. 

The wave resistance of a ship moving with constant 
velocity is calculated ay~roximating by thin ship theory 
and surface (Hogner) p’_ sure distributions. 

2. C. MacCamy (Pittsburgh, Pa.) 


1241: 

Warren, F. W. G. Wave resistance to vertical motion 
in a stratified fluid. J. Fluid Mech. 7 (1960), 209-229. 

When a body moves through a stably stratified fluid, 
gravity waves are set up, which cause a resistance to 
motion. An axisymmetric problem is considered in which 
a body moves steadily and vertically through a fluid. The 
fluid is supposed inviscid, incompressible and unbounded 
in all directions, and its density decreases exponentially 
upwards; the equations then take a simple form. The 
equations of motion are linearized. Because the appro- 
priate boundary conditions at infinity for steady motions 
are unknown the unsteady problem is treated when the 
body begins to move at time t=0. Transform methods are 
used, and an attempt is made to find the limit as too. 
Difficulties are encountered when the body is descending, 
and it is not clear whether in this case the motion becomes 
ultimately steady relative to the body. Approximate ex- 
pressions for the wave pattern at a distance from the body 
are found. (The bodies considered in the paper are a cir- 
cular cylinder of finite length, a sphere, and a spindle- 
shaped body.) The wave resistance is investigated, and 
application is made to the rise of a thermal through a 
cumulus cloud. F. Ursell (Cambridge, England) 


1242: 

Taylor, . The dynamics of thin sheets of fluid. 
I. Water bells. (With an appendix by L. Howarth.) Proc. 
Roy. Soc. London. Ser. A 253 (1959), 289-295. (1 plate) 

Previous investigations of the water bells phenomenon 
have neglected the effect of air friction on the shape of the 
bell. The author describes some experiments performed 
with his usual skill and noticed that the effect of air fric- 
tion was not negligible. In addition to a description of the 
experimental techniques, the paper includes a theoretical 
treatment which includes air frictional effects but, unlike 
previous treatments, gravitational effects are neglected. 

G. N. Lance (Dorchester) 


1243: 

Taylor, Geoffrey. The dynamics of thin sheets of fluid. 
II. Waves on fluid sheets. Proc. Roy. Soc. London. Ser. A 
253 (1959), 296-312. (4 plates) 


The properties of capillary waves on thin sheets of fluid 


are studied. The effects of both gravity and air friction are 
neglected. The waves in question have a symmetric and 
an antisymmetric component. Two types of fluid sheet are 
considered ; one is obtained in a similar way to the bell 
discussed in the previous paper and this sheet clearly has 
a non-uniform thickness. The other sheet has a uniform 
thickness and can be produced by projecting fluid from a 
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vertical (or horizontal) straight slot. In each case, the care- 
ful photographic techniques used to display both types of 
wave are described. The shapes obtained agree well with 
the theoretical predictions. G. N. Lance (Dorchester) 


1244: 

Taylor, Geoffrey. The dynamics of thin sheets of fluid. 
Ill. Disintegration of fluid sheets. Proc. Roy. Soc. Lon- 
don. Ser. A 253 (1959), 313-321. (4 plates) 

The work described in this paper is an extension of the 
investigations discussed in the two papers reviewed before. 
Both uniform and expanding fluid sheets can have free 
edges and experiments are described which were designed 
to study these edges and the way in which they disinte- 
grate. The free edges for the plane sheet are always 
parallel to the antisymmetrical waves, but the same is 
not true of the expanding sheets. The final section of the 
paper is an account of the disintegration of the sheet pro- 
duced by a swirl atomizer. G. N. Lance (Dorchester) 


1245: 

Fontanet, Pierre. Sur la théorie de la génération de la 
houle par un batteur plan, au deuxiéme ordre d’approxima- 
tion; caleul numérique de l’/harmonique linéaire. C. R. 
Acad. Sci. Paris 249 (1959), 1738-1740. 

L’auteur complete les résultats obtenus dans deux Notes 
précédentes [mémes C. R. 249 (1959), 1186-1188; 1450— 
1452; MR 21 #6856; #6857]. Il calcule l’harmonique 
linéaire et construit des abaques donnant la phase et 
l’amplitude dans le cas d’un batteur-piston. 

H. Cabannes (Paris) 


1246: 

Keller, H. B.; Levine, D. A.; Whitham, G. B. Motion 
of a bore over a sloping beach. J. Fluid Mech. 7 (1960), 
302-316. 

From the point of view of the shallow water theory, 
the problem of the motion of a bore over a uniformly 
sloping beach was considered previously by Whitham 
{same J. 4 (1958), 337-360; MR 20 #593], who derived 
an approximate formula for the variation in the strength 
and height of the bore. This formula indicates that the 
height of the bore always tends to zero as it approaches 
the shoreline. In the present paper, a rigorous proof of this 
property is given, within the assumptions of the shallow 
water theory. In addition the results of a numerical investi- 
gation of the problem are presented. The numerical 
results show a remarkable agreement with Whitham’s 
approximate formula. They also supplement the formula 
by giving full details of the flow behind the bore and by 
providing solutions for a variety of starting conditions. 
In the numerical work, the shallow water equations are 
solved in finite difference form, using equal space intervals. 
Special care must be taken to fit in the bore at each step. 

D. H. Hyers (Los Angeles, Calif.) 


1247: 
’ Becker, E. Das Wellenbild einer unter der Oberfliche 
eines Stromes schwerer Filiissigkeit pulsierenden Quelle. 
Z. Angew. Math. Mech. 38 (1958), 391-399. (English, 
French and Russian summaries) 

Author’s summary : “Let a harmonically pulsating source 
of liquid be situated below the surface of a stream of heavy 


liquid of arbitrary depth. The surface of the streaming 
liquid is then showing a wave-like deformation. Neglecting 
surface tension, a simple geometric construction is given 
for the curves of constant phase (e.g., the wave crests) 
which is asymptotically correct for large distance from 
the source. From this construction inferences can be 
drawn as to the real wave picture and the energy radiation 
of the source.” 


1248: 

Kotlyar, Ya. M. On one possibility of obtaining an 
exact integral of Reynolds’ equation in closed form. Dokl. 
Akad. Nauk SSSR 127 (1959), 59-62 (Russian); trans- 
lated as Soviet Physics. Dokl. 4 (1960), 761-764. 

The Reynolds’ equation for lubrication 


where P(x, y)= J y(p)dp, p pressure, y(p) specific weight, 
and with constant kinematic viscosity, is considered in 
the practically important case h=5(1— «cos x), e< 1. 
An approximate solution is obtained by replacing h by 
25*(1+3 cot? $2)-2/3 which leads to a solution in closed 
form, in terms of a harmonic function, which the author 
determines and describes for the case of forced lubrication. 
L. M. Milne-Thomson (Madison, Wis.) 


1249: 

Thurston, George B. Theory of oscillation of a visco- 
elastic fluid in a circular tube. J. Acoust. Soc. Amer. 32 
(1960), 210-213. 

A general equation of flow of an incompressible, visco- 
elastic fluid is introduced. It is used for the development 
of the theory of the axial sinusoidal movement of an in- 
compressible, linear, viscoelastic fluid flowing in a rigid 
tube of infinite length and circular cross section. The be- 
havior of the fluid in sinusoidal shear is described by a 
complex modulus of viscosity. The known solution of the 
fundamental equation yields the velocity profile and ex- 
pressions for the acoustic impedance and its real and 
imaginary components, i.e., resistance and reactance. 
Results are presented in graphical form. 

B. Gross (Rio de Janeiro) 


1250: 

Borisenko, A. I.; MySkis, A. D. Temperature and 
velocity distributions in a laminar flow of a fluid between 
rotating coaxial cylinders. Prikl. Mat. Meh. 23 (1959), 
740-748 (Russian) ; translated as J. Appl. Math. Mech. 23, 
1054-1065. 

This paper is concerned with the two-dimensional, 
laminar, axisymmetric flow of a viscous fluid between two 
coaxial cylinders which rotate with speeds W, and Ws: 
and have temperatures 7, and 7, respectively. The 
authors consider the solution of the resulting boundary 
value problem for two ordinary differential equations in 
essentially two limiting cases. In the first case it is assumed 
that the dimensionless quantity 


K = 


—the Eckert number—is small. Here y(7') is the coeffi- 
cient of viscosity and A(7') the thermal conductivity. In 
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the second it is assumed that A and yu vary slowly with 7’, 
i.e., that 


ag = (A(T1)—A(T2))/A(T 1), Bo = 1) 


are small. In both cases the (dimensionless) velocity and 
temperature distributions are expanded in powers of the 
respective small parameters and the first two terms of the 
expansion are explicitly evaluated (without restrictions 
on A and ,»). For each case the results are applied to an 
example of specially chosen A and » and some error 
estimates are given. W.C. Rheinboldt (Syracuse, N.Y.) 


1251: 

Kanwal, R. P. Slow rotatory motion of a circular disk 
about one of its diameters in a viscous fluid. J. Appl. 
Mech. 26 (1959), 485-487. 

Slow rotatory motion of a circular disc about a diameter 
in a viscous liquid may be taken to be approximately 
steady. Dual integral equations are used to obtain the 
velocity components in terms of Bessel’s function of order 
one. The couple recuired to maintain the motion is found 
to be (32/8)uworo®, ro being the radius of the disc and wo its 
angular velocity. 

Limiting cases of analogous solutions are found to be 
in agreement with known results. 

B. R. Seth (Kharagpur) 


1252: 

Nickel, K. Die dussere Randbedingung der Grenz- 
schicht-Differentialgleichung. Z. Angew. Math. Mech. 38 
(1958), 400-401. 

Prandtl’s boundary layer equations for the two-dimen- 
sional, stationary flow of an incompressible fluid have the 
form: uUttg+vuy= UU" + vityy, Uz+vy=0. Together with 
these equations it is customary to ify the initial and 
boundary conditions: (i) u(zo, y)=@y), u(x, 0)=uol(z), 
v(x, 0) =vo(x) and (ii) limy.. u(x, y) = U(x). This reviewer 
has previously shown [same Z. 36 (1956), 153-154; MR 17, 
1249] that under certain assumptions the condition (ii) is 
automatically satisfied and therefore superfluous if only 
limy-+« y) = U(xo). In the present paper the author 
proves that the same result remains true when the re- 
viewer’s assumptions are replaced by a set of weaker and 
at the same time also more practical ones. 

W.C. Rheinboldt (Syracuse, N.Y.) 


1253: 

totic expansions in the theory of boundary layers”. 
Math. Phys. 38 (1959/60), 172-174. 

One further term in the asymptotic expansion of the 
velocity distribution in the laminar wake behind a flat 
plate, in addition to those found by Tollmien and Gold- 
stein, was given recently by this reviewer [same J. 36 
(1957), 173-191; MR 19, 1219]. An alternative derivation 
of the new term using Lighthill’s technique of rendering 
approximations uniformly valid is given here with a cor- 
rected numerical factor. XK. Stewartson (Durham) 


1254: 

Bhatnagar, P. L.; Sankar, R.; Jain, A. C. 
layer on a fiat plate with suction. Proc. Indian Acad. Sci. 
Sect. A 51 (1960), 1-13. 


1251-1256 


This paper is concerned with the two-dimensional 
laminar flow of an incompressible, viscous fluid along a 
- plate with suction. Following a method of Carrier and 

Lin (Quart. Appl. Math. 6 (1948), 63; MR 9, 477] the 
authors expand the streamfunction in a series which is 
valid near the leading edge and whose constant term is a 
solution of the Stokes type. The first two terms of this 
series are evaluated explicitly and matched with the 
Blasius profile for the flow downstream. In the down- 
stream region the boundary layer equations are approxi- 
mately solved by expanding the streamfunction in powers 
of the vertical distance y from the plate. Without restrict- 
ing the suction law the first six terms are evaluated and 
the resulting expression is formally reversed to give y as 
function of the velocity. This leads to an approximate 
formula for the boundary layer thickness. 


W.C. Rheinboldt (Syracuse, N.Y.) 


1255: 

Yuan, 8. W. Turbulent flow in channels with porous 
walls. J. Math. Phys. 38 (1959/60), 166-171. 

The equations of the turbulent flow of an incompressible 
fluid along a channel with porous walls are simplified using 
the mixing length hypothesis and are applied to the cases 
of a suction or injection at the walls which is an ex- 
ponential function of distance along the walls. The equa- 
tions are reduced to a third order ordinary differential 
equation and an iterative scheme of solution is set up. An 
approximate technique is also described. 

In view of the well-known deficiencies of the 
length hypothesis, comment on this paper must be 
until its conclusions are compared with experiment. 


K. Stewartson (Durham) 


1256: 

Kochina, N. N.; Mel’nikova, N. 8S. On the ony 
motion of gas driven outward by a piston, 
counter-pressure. J. Appl. Math. Mech. 22 (1958), ion 
631 (444-451 Prikl. Mat. Meh.). 

A piston moves symmetrically into a stagnant gas in v 
dimensions so that its displacement from the origin at time 
t is [c/(m+ 1)}"*+1, where c is a constant. The motion of the 
gas ahead of the piston and behind the resulting shock 
is investigated on the assumption that the pressure in 
the stagnant gas is negligible. Dimensional analysis of the 
three governing partial differential equations and of the 
boundary conditions at the piston and at the shock reveals 
that self-similar solutions for the dependent variables are 
available in terms of A, the dimensionless combination 
(ct™*+1)/r (here r is the distance from the origin). Three 
ordinary differential equations resuit for the non-dimen- 
sional quantities V (gas velocity), R (gas density) and 
Z (sound velocity) as functions of A. Elimination of R and 
A yields. a non-linear differential equation in the (Z, V) 
plane. A thoroughgoing topological analysis of the solution 
curves in this plane is made in terms of the several possible 
critical points of the differential equation. The character 
of these critical points changes as m (m>-—1), v and y 
(the ratio of the adie heats) vary. Four characteristic 
ranges of m are noted but not all of these give rise to 
physical solutions. Solutions are provided in the form of 
graphs to illustrate the various cases and are interpreted 
physically. The equivalence of the problem with that of 
steady en flow past slender bodies is noted. 

A. F. Pillow (Toronto) 


217 


ting 
iven | 
sts) | 
rom 
be | 
tion 
| 
an 
Jokl. 
‘ans- | 
ight, | | 
d in | 
exl. | 
h by : 
losed | | 
ithor | | 
tion. | 
Wis.) | 
1sco- | 
r. 32 | | 
| 
ment | 
in in- 
e be- | 
by a 
of the 
d ex- | 
| and | 
ance. 
| 
and | 
1959), 
h. 23, | 
ional, 
n two 
d We | 
ndary 
ons in 
ty. In | 


1267-1263 


1257: 

Kochina, N. N. ; Mel’nikova, N.S. On the nonstationary 
motion of gas displaced by a piston, taking counterpressure 
into account. Soviet Physics. Dokl. 122 (3) (1958), 918— 
922 (192-195 Dokl. Akad. Nauk SSSR). 

Though the notation is different, essentially, this paper 
extends the analysis of the problem in the preceding re- 
view towards the case where the pressure of the stagnant 
gas is not negligible. The piston displacement is modified 
appropriately and a new non-dimensional parameter q 
appears ; it is the square of the ratio of the speed of sound 
in the stagnant gas to the speed of the shock wave. The 
self-similar solutions found previously for q=0 are ex- 
tended by perturbation to small q. Graphs, to illustrate 
these effects, are displayed. A. F. Pillow (Toronto) 


1258: 

Kochina, N. N.; Mel’nikova, N. 8. Expansion of a 
piston in water. J. Appl. Math. Mech. 23 (1959), 123-133 
(93-100 Prikl. Mat. Meh.). 

The problem of a piston moving at constant speed into 
a stagnant gas in v dimensions has been solved by L. I. 
Sedov and by G. I. Taylor. In this paper ordinary dif- 
ferential equations are derived governing the correspond- 
ing self-similar problem in a medium where the equation 
of state has the form p=+(s)y(p/p1) (here p is the pressure, 
8 the entropy and p/p: the non-dimensional density). It is 
shown that these differential equations are the same as 
those for a gas if y takes the form [(p/pi)” —}] (valid for 
water) where y is the ratio of specific heats and 0 is a con- 
stant (which is zero for a gas). Graphs (for water and a 
range of stagnation sound velocities), are given of the 
velocity, density and pressure as functions of A, the ratio 
r/re, where r denotes distance from the origin and the 
suffix 2 refers to the shock. A. F. Pillow (Toronto) 


1259: 
Riazanov, E. V. Constructions of exact solutions of the 
equations of gas d in the of discontinuities. 


J. Appl. Math. Mech. 22 (1958), 1020-1021 (720 Prikl. 
Mat. Meh.). 

A particular solution of the Riccati equation which 
occurred in an earlier paper of Korbeinikov and the 
author [same J. 20 (1958), 362-367 (265-268 Prikl. Mat. 
Meh.) ; MR 22 #6896] is used to construct a general solu- 
tion with a shock discontinuity for arbitrary values of the 
parameters. A. F. Pillow (Toronto) 


1260: 

van de Vooren, A. I.; de Jager, E. M. Calculation of 
aerodynamic forces on slowly oscillating pose wings 
in subsonic flow. Nat. . Rep. 
TN-F. 192 (1956), 34 pp. 

The influence of finite span effects is investigated. The 
approximate theory used is based on the assumption of low 
frequency rather than aspect ratio. Lifts and 
moments are given for two Mach. numbers 0.7 (with 
aspect ratios 4, 8 and 16) and 0.9 (with aspect ratios 6.5, 
13.1 and 26.2). The method of analysis employed is to re- 
duce the solution of the unsteady lifting surface problem 
to the solution of a series of steady lifting surface problems. 

G. N. Lance (Dorchester) 
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1261: 

Trosin, V. I. Flow of a gas jet out of a channel past a 
flat plate. Prikl. Mat. Meh. 23 (1959), 766-769 (Russian) ; 
translated as J. Appl. Math. Mech. 23, 1090-1096. 

In two dimensions, two subsonic jets are formed when 
the stream emerging from a parallel-walled channel im- 
pinges on a centrally placed baffle. The author calculates 
the motion by finding the appropriate solution of the 
hodograph equations, using series of Chaplygin-type 
elementary solutions. M. Cherry (Melbourne) 


1262: 

Schubert, Hans; Schincke, Erich. Die Berechnung 
einer zirkulationslosen Unterschallstrémung um den Kreis- 
zylinder mit der Hodographenmethode. Ber. Verh. Sachs. 
Akad. Wiss. Leipzig. Math.-Nat. Kl. 103 (1959), no. 6, 
42 pp. 

The authors use a modification of the hodograph method 
to calculate an approximation to the ideal gas flow past a 
circular cylinder corresponding to a Mach number 0.3 at 
infinity. The essential idea is to transform the equation 
for the stream function to the form Ay+ 4k%=0, and 
then to replace the physical pressure-density relation by 
a@ new one which is so chosen that k=const., and which 
has at a given point a first order contact with the desired 
curve. They are led to a boundary value problem for a 
relatively simple linear equation, the boundary to be 
determined by a non-linear relation. Their procedure is to 
take as first approximation the simplest exact solution 
which has in the hodograph plane the same singularity as 
the image of the (explicitly known) incompressible flow 
past a disc. This choice leads to a flow past a figure whose 
curvature differs from unity by as much as 9%. The next 
approximation consists in correcting the shape of the 
image curve by use of a linearization procedure. The new 
physical profile differs in curvature from a circle by at 
most 1%, and the resulting pressure-density relation is in 
good agreement with the Poisson-adiabatic curve in the 
range considered. 

The authors comment that, as should be expected, the 
procedure becomes rapidly more difficult as the incident 
Mach number is increased. R. Finn (Stanford, Calif.) 


1263: 

Hosokawa, Iwao. A refinement of the linearized 
transonic flow theory. J. Phys. Soc. Japan 15 (1960), 
149-157. 

The author a modification to the linearized 
theory of Oswatitsch and Maeder for transonic flow past 
a thin body. The object is to find an approximate solution 
of the nonlinear equation 


Oyy + = (y+ 


with appropriate boundary conditions. The solution is 
written as O=¢+g where ¢ satisfies the same boundary 
conditions as ® and is the solution of the linear equation 
(1— + where K is an appropriate 
constant. An argument is given to justify neglecting 
Jvy +Gez in the equation for g; a solution is found for the 
resulting problem and results calculated which check 
with experiment. However, the reviewer is unable to see 
why the approximation should be an improvement in 

C. 8. Morawetz (New York) 
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1264: 

GuStin, B. A. Flow of a gas stream from a container of 
finite width at maximum discharge. Prikl. Mat. Meh. 23 
(1959), 770-776 (Russian); translated as J. Appl. Math. 
Mech. 23, 1097-1106. 

At ‘maximum discharge’ a sonic surface spans the hole 
in the container and separates the interior subsonic region 
from the exterior supersonic jet. The problem of calculat- 
ing the flow is set up as a Tricomi-type problem for the 
hodograph equation, which is attacked by means of 
Chaplygin-type series and approximations whose uniform 
validity seems doubtful. T. M. Cherry (Melbourne) 


1265: 

Bird, G. A. A simple numerical solution of the super- 
sonic blunt-body problem for real gases. J. Aero/Space 
Sei. 27 (1960), 151-152. 

Solution numérique-graphique (construction du réseau 
des lignes de courant et des trajectoires orthogonales) du 
probléme de l’onde de choc détachée par la méthode in- 
verse. Un exemple est donné: onde choc parabolique & 
M =20, successivement pour un gaz parfait, pour un gaz 
réel en équilibre et pour un gaz réel 4 composition chimique 
figée. ' J. P. Guiraud (Meudon) 


1266: 

Bulakh, B. M. ~- Nonlinear conical flow of a gas. J. 
Appl. Math. Mech. 22 (1958), 1109-1120 (781-788 Prikl. 
Mat. Meh.). 

Consider the quasi-linear equation 
(1) F/0€? + = D, 
where A, B, C, D are functions of £, n, F, w= 0F/0€, and 
v= 0F/én, with AC — B2>0. Let w= F —£u— By intro- 
duction of new variables p, o the author transforms (1) 
into an equivalent system 
(2) An =%2, Au = 

Av = ®,, Aw = ®s, 

where A = + and the ®’s depend on ---, w 
and their first derivatives with respect to p and o. For 
conical flow =z/z, 7=y/z, D=0, zF is the velocity 
potential, and the system (2) is invariant in form under 
conformal transformations of the p+io plane. The author 
proposes to solve (2) by successive approximations, 
evaluating the ®’s from the preceding approximation. For 
zeroth approximation he uses w=v=0, w=const., and 
obtains for a) and 7(o(p, the familiar transforma- 
tion used in linearized conical flow theory. The first 
approximation is linearized conical flow. For axisym- 
metric flow about a circular cone the author’s second 
approximation yields results significantly better than those 
of slender body theory or of J. B. Broderick’s second 
order method [Quart. J. Mech. Appl. Math. 2 (1949), 98- 
120, 121-128; MR 10, 643, 644]. 

J. H. Giese (Aberdeen, Md.) 


1267: 

Probstein, Ronald F.; Kemp, Nelson H. Viscous aero- 
dynamic characteristics in hypersonic rarefied gas flow. 
J. Aero/Space Sci. 27 (1960), 174-192. 

Ce mémoire est consacré l'étude de l’écoulement 
hypersonique d’un gaz raréfié, au voi du point 
d’arrét d’une sphére ou d’un cylindre de révolution. Les 


effets de raréfaction sont d’abord discutés et huit régimes 
d’écoulement sont distingués, commengant par le régime 
continu et finissant par le régime moléculaire. Le rap- 
porteur éprouve quelque difficulté a suivre les auteurs dans 
cette multiplicité de régimes, au moins du point de vue de 
la théorie cinétique des gaz. De fagon précise il parait im- 
possible de subordonner cette division 4 un développement 
asymptotique suivant les puissances du nombre de Knud- 
sen ou de son inverse. Selon l’opinion du rapporteur, et 
sans doute aussi selon |’intention des auteurs, il faut 
plutét considérer le probléme traité comme un modéle 
permettant d’estimer |’importance des effets de raréfaction 
sur le frottement et le transfert de chaleur au point 
d’arrét. Le modéle consiste dans |’utilisation des équations 
de Navier-Stokes avec conditions aux limites différentes 
selon le régime d’écoulement. La méthode de solution, au 
voisinage du point d’arrét, est, par séparation des vari- 
ables, la réduction 4 un systéme différentiel ordinaire. Au 
régime continu correspond la solution de Lighthill-Hayes- 
Whitham avec inclusion de la couche limite. Vient ensuite 
le “Vorticity interaction regime” qui comporte unique- 
ment une modification de la condition 4 la frontiére 
externe de la couche limite. Au méme ordre d’approxima- 
tion, le rapporteur pense qu’il faudrait inclure la condition 
de glissement et modifier les équations de la couche limite. 
Deux autres régimes sont ensuite examinés, ne comportant 
plus de separation entre couche de choc non visqueuse et 
couche limite: les équations de Navier-Stokes sont 
utilisés entre l’obstacle et le choc. Les deux régimes se 
distinguent par les conditions appliquées sur l’onde de 
choc. Pour le premier de ces deux régimes ce sont les condi- 
tions de Rankine-Hugoniot, pour le second ce sont ces 
mémes conditions modifiées de maniére & tenir compte, au 
premier ordre, des effets de viscosité et conductibilité. Ici 
encore cette distinction entre “Viscous layer regime” et 
“Incipient merged layer regime”’ ne parait pas défendable 
autrement que comme modeéle, car, 4 l’ordre d’approxima- 
tion venant aprés celui du “Vorticity interaction regime’’, 
les conditions de choc devraient étre modifiées. Le rap- 
porteur signale que la question des conditions de choc 
modifiées est controversée : le présent mémoire corrige une 
erreur de Sedov-Mikailova et Cherniy [Vestnik. Moskov. 
Univ. No. 3 (1913), 91-100], ces auteurs n’ayant pas pris en 
compte |’épaisseur de l’onde de choc; mais cette-la prise 
en compte, telle qu'elle est effectuée dans le présent 
mémoire, est incorrecte, et des formules, probablement 
exactes, corrigeant cette ultime erreur, sont données dans 
une courte note [C. R. Acad. Sci. Paris 250 (1960), 1965- 
1967] par Germain et le rapporteur. 

Pour conclure, malgré les réserves formulées, le rap- 
porteur estime que le mémoire est important en 
raison du probléme soulevé et des résultats techniques 
obtenus. J. P. Guiraud (Meudon) 


1268: 

Mackie, A. G.; Weir, D. G. The propagation of shock 
waves of constant strength. Proc. Cambridge Philos. Soc. 
56 (1960), 64-74. 

This paper deals with the conditions under which a 
shock of constant strength separating regions of non- 
uniform motion occur in the one-dimensional method of a 
perfect inviscid gas. Across such a shock, the entropy jump 
is constant. If the flow is homentropic in front of the shock, 
it will remain so behind the shock, though at a different 
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1269-1274 


entropy level. In principle, analytic solutions of homen- 
tropic flow can be found on either side of the shock, and 
juxtaposed if the correct shock conditions are satisfied. 

Starting with any given homentropic flow, the authors 
obtain a differential equation for the paths in the (z, t) 
plane of all possible shock waves of constant 
which may be boundaries of this flow. Knowledge of the 
conditions on the front of the shock together with the 
strength and speed of the shock itself enables them to find 
the velocity of the gas and the local velocity of sound on 
the back of the shock. This leads to a Cauchy problem for 
the flow behind the shock, which they solve by standard 
methods. 

The authors point out that this method cannot be used 
to predict a shock caused by a given compressive motion. 
They start with the motion in front of the shock, and find, 
firstly, the equation of the shock and then the motion 
which causes it. This is inevitable since a very special type 
of shock is being propagated. 

The theory is illustrated by the solution of two specific 
problems. E. T. Copson (St. Andrews) 


1269: 

Novodilov, V. V. On the displacement of an absolutely 
rigid body under the action of an acoustic pressure wave. 
Prikl. Mat. Meh. 23 (1959), 794-796 (Russian) ; translated 
as J. Appl. Math. Mech. 23, 1138-1142. 

A plane acoustic wave exerts a finite total impulse on a 
symmetrically oriented rigid body initially at rest. A solu- 
tion for the limiting displacement of the body is reduced 
via Green’s theorem to an evaluation of the kinetic energy 
of an ideal incompressible fluid subject to boundary condi- 
tions imposed at the surface of the body. The method may 
be generalized to include nonsymmetrical bodies, leading 
to three translational and three rotational components of 
displacement. W. W. Soroka (Berkeley, Calif.) 


Transient diffraction of scalar 
waves by a fixed sphere. J. Acoust. Soc. Amer. 32 (1960), 
61-66. 

This paper treats the diffraction of plane harmonic 
sound waves by a fixed sphere as an initial value problem, 
taking the incident wave to be a semi-infinite train of 
waves with velocity potential AH(z—ct) exp {ik(z—ct)}, 
where H denotes Heaviside’s unit function. Instead of the 
radiation condition, which must be imposed in the usual 
steady-state treatment, a simple boundedness condition 
at infinity can then be used. The author expands the 
Laplace transform of the velocity potential in spherical 
harmonics of integral order. By a residue argument, the 
inverse Laplace transform of each term of this series is 
obtained as the sum of a decaying transient term, and of 
the well known steady-state term. Both ‘soft’ and 
‘rigid’ spheres, represented by Dirichlet and Neumann 
boundary conditions respectively, are considered. A 
simple expression for the force on the sphere (in the 
Neumann case) is derived, and the transient contribution 
to this is discussed in detail. 

F. G. Friedlander (Cambridge, England) 


1271: 
Freedman, A. Sound field of a rectangular piston. J. 
Acoust. Soc. Amer. 32 (1960), 197-209. 
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Starting from Rayleigh’s integral expression for the 
sound field of a vibrating plane piston, the author examines 
the plane rectangular piston—a case of practical interest 
but not previously as thoroughly discussed as the simpler 
circular piston. Approximations used are essentially those 
leading to the Cornu-spiral treatment in optical diffraction. 
Both acoustic phase and amplitude are considered, in 
several coordinate systems. Numerous plots of non- 
dimensionalized variables should facilitate specific cal- 
culations. This reviewer finds somewhat specious one 
conclusion, that the near field of a large rectangular piston 
more nearly resembles plane waves than that of a circular 
piston, since the argument rests only on behaviors in the 
small paraxial region. 

A. O. Williams, Jr. (Providence, R.1.) 


1272: 

Wilkinson, W.L. %Non-Newtonian fluids: Fluid mech- 
anics, mixing and heat transfer. International Series of 
Monographs on Chemical Engineering, Vol. 1. Pergamon 
Press, New York-London-Oxford-Paris, 1960. xiv +138 
pp. (2 plates) $6.50. 

This book covers what the author calls the ‘“‘engineering 
approach” to non-Newtonian fluids, explained as “‘. . . the 
development of quantitative design procedures based on 
the measured properties of real fluids.” This excludes 
researches attempting to relate microscopic structure to 
macroscopic observables. It also excludes work on 
pertinent three-dimensional continuum-theories. As might 
be expected from this, the mathematics used is too 
elementary to be of interest in itself. 

The book is divided into six chapters entitled, respec- 
tively, Classification of non-Newtonian fluids, Experi- 
mental characterization of non-Newtonian fluids, Flow 
of non-Newtonian fluids in pipes and channels, Heat 
transfer characteristics of non-Newtonian fluids, Mixing 
characteristics of non-Newtonian fluids, and Visco- 
metric measurements and apparatus. It provides a good 
picture of present day technology in this area. 

J. L. Ericksen (Baltimore, Md.) 


1273: 

Tomita, Yukio. On the fundamental formula of non- 
Newtonian flow. Bull. JSME 2 (1959), 469-474. 

The author generalizes the Waele-Ostwald formula for 
non-Newtonian fluids by ing the stress components 
to be expressible as (1/n)th power functions of the rate of 
strain components, and uses the resulting theory to 
examine the flow past a sphere placed in a uniformly 


flowing stream. J. E, Adkins (Nottingham) 
1274: 
Ericksen, J. L. ic fluids. Arch. Rational 


Mech. Anal. 4, 231-237 (1960). 

The author formulates an invariant theory of aniso- 
tropic fluids by introducing into the constitutive equations 
a variable vector n; to represent a preferred direction at 
each point ; with n; is associated a polarization vector gi. 
It is then assumed that the (unsymmetrical) stress tensor, 
heat flux vector and polarization vector are linear func- 
tions of strain-rates, temperature gradients and suitably 
defined time derivatives of n;. Conservation laws are 
formulated and energy considerations examined. 

J. Adkins (Nottingham) 
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1275: 

Bershader, Daniel (Editor). +*The magnetodynamics of 
conducting fluids. Stanford University Press, Stanford, 
Calif., 1959. ix+145 pp. $4.50. 

These are the proceedings of the third Lockheed 
symposium on magnetohydrodynamics, held at Palo Alto 
in November, 1958. 

A. Busemann begins by discussing the magnetic Laval 
nozzle, i.e., flow through a solenoid, with credit (but no 
reference) to H. Grad, and then flow of a stream past 
current- ing wires, with credit to F. Clauser. This leads 
to the problem of constructing solutions for flows of a 
perfect conductor past “imbedded” magnetic fields, i.e., 
matching the fluid-dynamic pressure at the contour of a 
cavity with the magnetic pressure of the imbedded field 
(e.g., due to a wire). This is attacked by variational 
methods. Next, unsteady perturbations of the interface 
are considered. The paper closes with a brief, pictorial 
discussion of discontinuities in flows of ideal conduc- 
tors. 

J. D. Cole’s contribution is concerned with magneto- 
hydrodynamic waves in fluids of infinite conductivity and 
vanishing viscosity. To the usual conservation laws for the 
steady normal shock are added induction relations and 

vanishing divergence of magnetic field. In the limit of 
weak waves the well-known anisotropic wave-speed 
equation is obtained. The author then returns to the 
equations of motion to study infinitesimal-wave pro- 
blems, especially flows due to piston motions. Finally, the 
special case of “switch-on” waves, for which there is a 
magnetic-field component tangential to the wave front 
behind but not before the wave, is treated for both 
infinite and finite conductivity. It is pointed out how these 
waves might be produced by current discharge in an 
experiment. 

H. Grad’s paper also concerns unsteady flow of a 
perfectly conducting, inviscid gas. The characteristics of 
the equation system are determined; the result is the 
diagram of anisotropic propagation referred to above and 
sometimes familiarly known as the “Friedrichs diagram.” 
It is shown how a given pattern of discontinuities can be 
resolved into six characteristic modes. One-dimensional 
wave propagation is treated in more detail. The simplifica- 
tions that result at very large and very small ratios of the 
Alfvén-wave speed to the speed of sound are pointed 
out. Finally, there is a discussion of three-dimensional 
phenomena and their application to physical situa- 
tions. 

M. Mitchner considers irrotational, isentropic flows of a 
perfectly conducting inviscid gas with transverse magnetic 
field. This analysis is carried out by means of characteristic 
theory. Unsteady one-dimensional problems are treated 
first, Riemann’s invariants being modified to account for 
magnetogasdynamic effects. Graphs related to magneto- 
hydrodynamic shocks are provided and some comparisons 
\with experiment are undertaken. Finally, two-dimensional 
steady flow is treated, where the magnetic field is normal to 
the flow plane. The effect of this field on the characteristic 
curve in the hodograph plane is shown, and also some 
examples of simple-wave flow. 

In the only primarily experimental paper of this 
symposium, Fishman, Lothrop, Patrick, and Petschek 
report on the investigation of supersonic flow past 
(through) a loosely wound circular solenoid placed across 
a shock tube. The situation is first analyzed, neglecting 


viscosity and heat conduction and small con- 
ductivity. This is an extension of the rarer of Kemp and 
Petschek for incompressible flow [J. Fluid Mech. 4 (1958), 
553-584 ; MR 20 #5639]. In writing the generalized Ohm’s 
law, both Hall effect and ion slip are included. All variables 
are then assumed to be expressed as perturbations of the 
undisturbed configuration (uniform stream; uniform 
transverse field within a transverse circular cylindrical 
volume; vanishing field outside this cylinder) of first 
order in magnetic Reynolds number R,, and first order in 
an interaction parameter (essentially the typical ratio of 
body force to dynamic force). The solution gives the lift 
and drag on the solenoid to first order. The luminosity of 
the gas is also estimated. Experimental results are pre- 
sented and compared with the theoretical predictions. It 
is concluded that satisfactory agreement exists, including 
the asymmetry and lift due to Hall effect. 

The paper by E. L. Resler, Jr., and J. E. McCune 
reports on analytical studies of steady plane flows of 
inviscid fluids. The flows considered are small perturba- 
tions of a uniform stream and a uniform magnetic field 
lying in the flow plane at arbitrary angle to the stream. 
The equations are linear and Joule heating is negligible 
in this approximation. Incompressible flow past an 
insulating, sinusoidal, wavy wall is treated in particular, 
for two orientations of the magnetic field, viz., perpendi- 
cular and parallel to the stream. Pertinent results are 
plotted against R». Comparison is made with small-R,, 
and large-R,» theories. Turning next to ideal conductors 
(Rm= 0), the authors consider compressible flow past 
thin cylinders (airfoils) for the same two orientations of the 
unperturbed magnetic field. Regimes of elliptic, hyper- 
bolic, elliptic-hyperbolic and hyperbolic-hyperbolic flow 
are exhibited. 

The final paper of the volume is by G. F. Carrier and 
H. P. Greenspan and concerns incompressible, viscous, 
magnetohydrodynamic flow past a semi-infinite flat plate 
of zero thickness. Here both the true Reynolds number 
and R» may have arbitrary values; the configuration far 
ahead of the plate consists of parallel, uniform magnetic 
and velocity fields. The technique of solution is an 
approximate one in which linearization is accomplished 
by introduction of certain “average’’ values; this is 
related to Oseen’s familiar approximation. Steady flow 
is considered first ; the results depend greatly on the ratio 
of stream speed to Alfvén-wave speed, which might be 
called the Alfvén number, in analogy to the Mach number. 
For values of this ratio less than one no solution was 
found. [This investigation has been reported in more detail 
by Greenspan and Carrier in J, Fluid Mech. 6 (1959), 
77-96 ; MR 21 #6907, where extension to the flat plate of 
finite length was also carried out and considerable light 
cast on the situation for Alfvén numbers less than one.]} 
Transient flow, i.e., the commencement of the motion, is 
then treated briefly. In this section only the limiting case 
ov= 00 is considered in detail, where o denotes electrical 
conductivity and v kinematic viscosity. Laplace-Fourier 
transform techniques are employed and an approximation 
to the solution is obtained after introduction of a simplified 
kernel. 

Taken as a whole, this volume presents a reliable picture 
of the state of research in magnetohydrodynamics of 
typically aerodynamical or fluid-mechanical flow geo- 
metries at the time of the symposium. 

W. R. Sears (Ithaca, N.Y.) 
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von K4rman, Theodore. Magnetofluidmechanics. 
Some comments in memory of Donét Banki. Acta Tech. 
Acad. Sci. Hungar. 27 (1969), 41-51. (German, French 
and Russian summaries) 

In this brief review, intended to introduce fluid mechan- 
icists to the subject, the author begins by listing as the 
major phenomena the “induced electric field,” the 
ponderomotive force on the fluid, and ohmic conduction. 
One-dimensional flow, the pinch effect, and the concept 
of magnetic pressure are considered briefly, and the 
significant dimensionless parameters are defined. 

W. R. Sears (Ithaca, N.Y.) 


1277: 

Neuringer, Joseph L. Optimum power generation from 
a moving plasma. J. Fluid Mech. 7 (1960), 287-301. 

The equations involved are those for steady quasi-one- 
dimensional channel flow of a neutral, inviscid, conducting 
fluid of constant conductivity o with crossed applied 
magnetic and electric fields [Resler and Sears, J. Aero. 
Sci. 25 (1958), 235-245, 258; MR 19, 1226]. These equa- 
tions govern quantities averaged across the channel 
cross-section and apply when conditions vary slowly with 
z, ie., along the channel. It is assumed that entrance 
conditions and dimensions are prescribed, as well as the 
channel length. The channel width is constant but its 
height y(z), i.e., the distance between the electrodes, as 
well as the distribution of applied fields and of external 
circuit resistance r(x) are, in the most general case, 
functions of z to be determined for maximum power 
output. 

The first case considered is that of incompressible flow 
and uniform applied magnetic field ; the result states only 
that r(x) must be equal to the internal resistance of the 
working fluid, y/o. The second case concerns compressible 
flow, uniform magnetic field, and constant y(x). The 
optimization of power output is a lengthy process in this 
case. The resulting equations have been solved on a 
computer for one entrance Mach number, namely 0.3, and 
a range of the ratio of body force to entrance dynamic 
force. The optimum generator efficiency rises with 
increasing values of this parameter. The fluid-dynamical 
variables are plotted against for a typical optimum genera- 
tor. It is proposed to carry out detailed calculations for 
other entrance Mach numbers. 

W. R. Sears (Ithaca, N.Y.) 


1278: 
Ladytenskii, M. D. Flow problems in magnetohydro- 
i Prikl. Mat. Meh. 23 (1959), 292-298 (Russian) ; 
translated as J. Appl. Math. Mech. 23, 419-427. 

A dielectric body carrying magnetic poles and electric 
field sources within it is immersed in a steady flow of an 
incompressible viscous fluid of large conductivity. If the 
magnetic Reynolds number R is infinite there are surface 
currents and the magnetic field vanishes throughout the 
fluid. For finite R there appear the boundary layers studied 
by Zigulev (Dokl. Akad. Nauk SSSR 124 (1959), 1001- 
1004 (Russian); translated as Soviet Physics. Dokl. 4, 
57-60 ; MR 21 #6905]. In practical cases it is reasonable to 
neglect viscosity; i.e., to solve the equations for the 
inviscid magnetic layer, and then to consider the viscous 
layer, which is much thinner. These equations are there- 
fore treated here. There is a nonvanishing normal com- 


ponent of the magnetic field and consequently a ‘magnetic 
drag.”’ This is evaluated and shown to be of order R-!/?. 
W. R. Sears (Ithaca, N.Y.) 


1279: 

Hacques, Gérard. Ecoulement d’un fluide conducteur 
en présence du champ magnétique créé par un courant 
électrique rectiligne indéfini, et sa détermination par la 
méthode des rhéoélectriques. ©. R. Acad. Sci. 
Paris 250 (1960), 284-286. 

L’auteur étudie |’écoulement permanent dans le plan 

d’un fiuide parfait, incompressible, conducteur 
d’électricité, dans lequel un champ magnétique est créé 
par un fil indéfini perpendiculaire au plan zoy parcouru 
par un courant électrique constant. Dans l’hypothése de 
la théorie linéaire la pression vérifie une équation de la 
forme Ap=F(z,y). Ecrite sous forme de différences 
finies, cette équation est étudiée par la méthode des 
analogies rhéoélectriques. Cette étude peut étre étendue a 
des cas plus complexes ot le champ magnétique peut étre 

également déterminé par analogie rhéoélectrique. 
J. Naze (Marseille) 


1280: 

Ando, Shigenori. General theory of electrically conduct- 
ing perfect gas flow past a three-dimensional thin body. J. 
Phys. Soc. Japan 15 (1960), 157-167. 

Des équations linéarisées de l’*hydrodynamique et de 
Vélectromagnétisme appliquées 4 un écoulement tridi- 
mensionnel permanent d’un fluide parfait conducteur 
d’électricité auteur déduit une équation aux dérivées 
partielles linéaire du quatriéme ordre vérifiée par une 
fonction paramétrique (zx, y, z), le champ magnétique, la 
vitesse et la pression s’exprimant en fonction des dérivées | 
partielles du troisiéme ordre de ®. 

Cette théorie est appliquée I’étude de |’écoulement 
d’un fluide conducteur parfait au-dessus d’une paroi 
faiblement ondulée, le champ magnétique correspondant a 
l’écoulement non perturbé ayant une direction arbitraire. 


J. Naze (Marseille) 


1281: 

Sakurai, Takeo. Two-dimensional flow of an ideal gas 
with small electric conductivity past a thin profile. J. 
Phys. Soc. Japan 15 (1960), 326-333. 

Two-dimensional steady flow of an ideal, compressible, 
thermally insulating, electrically conducting fluid past a 
thin, symmetrical profile with zero attack angle is con- 
sidered ; a magnetic field is present which at infinity is a 
constant Bo and makes a small angle 5 with the chord line 
of the profile. The profile is implicitly assumed to be an 
electrical insulator. The magnetic Reynolds number, 
Rm= poo < V, is taken to be approximately zero, but the 
ratio K = Rm Bo?/popoV? of Rm to the square of the Alfvén 
number is not neglected. The first order terms in an 
expansion of the generalized velocity potential and 
stream function in powers of 5 are shown to satisfy the 
Helmholtz equation in the subsonic case and the tele- 
graph equation in the supersonic case. The method fails in 
the transonic case. The drag and lift coefficients are 
computed to first order in 5 and K. 

The subsonic case is troublesome; to first order in 4, 
the velocity approaches infinity exponentially with 
distance from the profile, in a thin wedge extending 
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forward and down (8 > 0) at an angle of about 25/(1 — 
and having an angular width of about 


25M (2 — Mo*)*/2(1 — Mo*)-, 


where Mo=free stream Mach number. The author 
suggests that this effect will be suppressed at large 
distances by R, and that the flow far from the profile can 
be computed by an Oseen approximation. No details are 
given. G. E. Backus (La Jolla, Calif.) 


o”) 


1282: 

Yasuhara, Michiru. Flow of a viscous, electrically con- 
ducting fluid along a circular cyli or a flat plate with 
uniform suction. J. Phys. Soc. Japan 15 (1959), 321-325. 

A solid circular cylinder of unspecified electrical con- 
stitution moves with constant velocity parallel to its own 
axis in a viscous, electrically conducting incompressible 
fluid at rest at infinity. On the axis of the cylinder is a 
uniformly distributed line density of magnetic monopoles 
at rest. A uniform inward normal fluid velocity is main- 
tained over the surface of the cylinder. The author seeks 
the resulting steady fluid velocity and magnetic field. He 
fails to notice that the solution is not unique (the problem 
is badly posed) because he inadvertently applies the fluid’s 
momentum equation to the solid and thus obtains an 
extra boundary condition. 

G. E. Backus (La Jolla, Calif.) 


1283: 

Long, Robert R. Steady finite motions of a conducting 
liquid. J. Fluid Mech. 7 (1960), 108-114. 

Stationary states with axial symmetry of a fluid with 
infinite electric conductivity are discussed. Compressi- 
bility and viscosity are neglected. It is shown that the 
magnetohydrodynamic equations can be reduced for a 
single non-linear partial differential equation for a scalar 
stream function. This equation contains a number of 
functions which can be determined from an undisturbed 
region—if such a region exists. 

A. Herzenberg (Manchester) 


1284: 

v. Krzywoblocki, M. Z.; Nutant, J. On the similarity 
rule in gas-dynamics. Acta Phys. Austriaca 13, 
1-18 (1960). 


The differential equation for the stream function in 
steady, plane, compressible flow, with right-hand terms 
involving heat addition, vorticity, and the magneto- 
hydrodynamic body force, is deduced and is trans- 
formed for the special case of incompressible fluid. Next, a 
simplified equation of state is introduced; viz., p=C— 
Bp-1—f pTdS, where p denotes pressure, p density, 7 
temperature, and S entropy, and where B and C are 
constants. Together with a certain approximate lineariza- 
tion, this permits the dimensionless equations for com- 
pressible and incompressible flow to be related. A solution 
could then be carried out if the distributions of heat 
sources and body force were known a priori. The paper 
closes with an appendix in which the literature of magneto- 
gasdynamics is briefly summarized and about 120 

ces listed. W. R. Sears (Ithaca, N.Y.) 


1285: 

Brinkman, H. C. The vortex equations of magneto- 
hydrodynamics. Physica 25 (1959), 1063-1066. 

The two-fluid equations of magnetohydrodynamics are 
written in a familiar form ; i.e., momentum equations for 
ions and for electrons with interaction in the form of 
“friction” terms proportional to the vector difference 
between the mean ion velocity and the mean electron 
velocity. Viscosity is neglected. Three ‘“vorticities” are 
defined ; viz., w, the curl of the density-weighted mean 
plasma velocity; 2, the curl of the net charge velocity ; 
and w,= —eB/m, where e denotes the charge of an elec- 
tron, B the magnetic-induction vector, and m the mass of 
an electron. Thus w, is the angular velocity of a circling 
electron. The equations of motion, upon differentiation, 
yield two vortex equations, the first of which is a general- 
ization of Helmholtz’s equation and involves a magneto- 
hydrodynamic term. The second is essentially a Helm- 
holtz equation for &2—, and involves a number of inter- 
action terms. The interpretation of these equations is 
aided by introduction of the three corresponding circula- 
tions. Application is made to the case of axial symmetry, 
especially where the current flow is purely azimuthal. The 
paper closes with an estimate of viscous effects and it is 
concluded that in typical cases the “electrical circulation”’ 
(flux of &), whose damping is given by the results just 
mentioned, is not appreciably damped by viscosity. 

W. R. Sears (Ithaca, N.Y.) 


1286: 

Kerrebrock, Jack L. Similar solutions for boundary 
layers in constant-temperature magneto-gasd 
channel flow. J. Aero/Space Sci. 27 (1960), 156-157. 

The boundary layer equations are considered for a 
viscous, compressible heat conducting, electrically con- 
ducting gas moving near a wall in the presence of a 
magnetic field whose direction is perpendicular to that of 
the stream. Among others it is assumed that the magnetic 
Reynolds number is low enough for the induction to be 
prescribed, that the wall temperature is constant, and that 
the Mach number is small. It is shown that ‘similar’ 
solutions exist for both the thermal and velocity boundary 
layers. A brief discussion on the relevance of this work to 
boundary layer growth on the walls of plasma accelerators 
is given. .. . Stewartson (Durham) 


1287: 

Sarikadze, D. V. en flows and a point 
explosion in the magnetic gas of a gas of infinite 
conductivity. Dokl. Akad SSSR 127 (1959), 1183-— 
1186 (Russian); translated as Soviet Physics. Dokl. 4 
(1960), 789-793. 

The problem of determining self-similar solutions for the 
motion of an infinitely conducting gas in a perpendicular 
magnetic field, whose intensity is represented as a power 
function of the entropy, is reduced to a single quadrature 
and two ordinary differential equations of the first order. 
The conditions at the front of a shock wave resulting from 
a “point explosion” are next examined. It is found that 
the pressure, ic field, and velocity should have the 
form p~h?~u*~ 1/r%+1, where N=0 or 1 for a plane or 
cylindrical wave; in both cases the current distribution 
takes the form j ~ h/r. K. C. Westfold (Sydney) 
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1288: 

Ahiezer, A. I.; Lyubarskii, G. Ya.; Polovin, R. V. 
Simple waves in toh . Z. Tehn. Fiz. 
29 (1959), 933-938 (Russian); translated as Soviet Physics. 
Tech. Phys. 4 (1960), 849-854. 

The authors investigate all the simple one-dimensional 
waves in hydromagnetics. They proceed as follows. Let 
uz be the set of unknown functions. For simple waves all 
these quantities are functions of one of them, say 1, %: 
being a function of X and ¢. Then, they prove that if the 
ratios between the amplitudes u,/w; are known in the 
linear approximation, the quantities u,(w:) for simple 
waves can immediately be determined for the non-linear 
system of equations. The results are applied to find the 
following set of simple waves: Alfvén waves (2 types); 
magnetoacoustic waves (4 types); entropy wave (1 type). 
Finally they show that in the absence of shock waves a 
region of constant flow in the (X, ¢) plane can be bounded 
only by a simple wave. N. L. Balazs (Princeton, N.J.) 


1289: 

Friedlander, F.G. Sound in a conducting 
Proc. Cambridge Philos. Soc. 55 ote 341-367. 

The author examines the propagation of small distur- 
bances in a compressible conducting fluid in the presence 
of a magnetic field in a linearized approximation. He 
considers the general initial value problem and specializes 
the results to discuss the field due to a concentrated initial 
disturbance. V. M. Papadopoulos (Providence, R.1.) 


medium. 


1290: 

Stanyukovit, K. P. Cylindrical and plane magneto- 
hydrodynamic waves. Z. Eksper. Teoret. Fiz. 36 (1959), 
1782-1787 (Russian); translated as Soviet Physics. JETP 
9, 1271-1274. 

This paper discusses isentropic cylindrical and plane 
waves in a medium of infinite conductivity in a magnetic 
field. The two cases of an axial field H, and a cylindrical 
field H, are considered in the three limits of stationary 
flows, of ordinary sound waves, and of “strong” sound 
waves whose particle velocity is close to the velocity of 
light. Equations are given but the discussion is very 
W. P. Allis (Cambridge, Mass.) 


U.S.A. 45 (1959), 769-771. 

Ina paper, part I [same Proc. 44 (1958), 
833-841; MR 20 #2968], the author stated a con- 
strained variational principle on total energy which he 
supposed gave all stable, steady motions of a perfectly 
conducting, non-viscous, barotropic fluid containing a 
magnetic field. In the present paper, II, he remarks that 
the variational principle does not generate all stable 
steady motions and probably generates some steady mo- 
tions which are unstable. It follows (although not men- 
tioned by the author) that there is no basis for the 
conclusions of I that all stable, motionless equilibrium 
configurations are force-free and that all stable configura- 
tions with angular momentum are axi etric. 


The variational principle turns out to be useful despite 
224 
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the above difficulties. The author points out that among all 
configurations making energy stationary and satisfying 
his constraints, the one with least energy is stable (he 
implicitly assumes that the inf of the energies is the 
energy of a configuration satisfying the constraints). 
Thus he is able to show that the lowest mode of a force 
free field is stable and that Walén waves are stable. 

G. E. Backus (Cambridge, Mass.) 


1292: 


ay L. Hydromagnetic equilibrium. III. Axisym- 
metric incompressible media. Astrophys. J. 130 (1959), 
400-404. 


The equations valid in an incompressible hydromagnetic 
medium in which axial symmetry prevails were expressed 
by Chandrasekhar [same J. 124 (1956), 232-243; MR 
18, 86] in terms of two scalar functions for the magnetic 
field, and two for the velocity field. He reduced the 
solution of the steady state problem with purely toroidal 
motions to the solution of one differential equation. In 
this paper analogous results are derived for a general 
axially symmetric velocity field. Following Chandrasekhar 
[Proc. Nat. Acad. Sci. U.S.A. 44 (1958), 842-847; MR 20 
#3026], integrals of the motion for non-steady states are 
found, the system being assumed to have a rigid boundary 
on which three of the scalars vanish. The condition that the 
total energy be stationary, subject to the other integral 
constraints, with respect to variations of the scalar func- 
tions is shown to yield all the steady-state equations, thus 
showing that the set of integrals found is complete, and 
establishing a variational formulation of the steady-state 


problem. L. Mestel (Cambridge, England) 


1293: 
L. Hydromagnetic equilibrium. IV. Axisym- 
metric compressible media. Astrophys. J. 130 (1959), 
404-413. 
The results of part III [reviewed above] are 
to compressible, self-gravitating media, in which the 
pressure is a function of the density. The velocity field is 
no longer solenoidal, and so requires three scalars to 
specify it. The axially symmetric hydromagnetic equations 
are transformed into six equations for the density and the 
magnetic and velocity scalars. The steady state problem 
is reduced to the solution of two simultaneous differential 
equations for the density and one of the magnetic scalars. 
Besides the energy in , four in of the motion 
analogous to those of III are shown to exist for the non- 
steady states, again subject to certain surface boundary 
conditions. Again, the completeness of the set is demon- 
strated by the formulation of a variational principle, 
similar to that of III, yielding all the steady-state equa- 
tions. The interpretation of the integrals in terms of the 
conservation of certain quantities such as mass within a 
flux-tube underlines the difficulty of extension to non- 
axially symmetric systems, for which the flux tube is no 


longer easily defined. L. Mestel (Cambridge, England) 


1294: 

Ryazancev, Yu. 8. On the propagation of weak waves 
in a continuous medium in the of radiant energy 
transfer. Prikl. Mat. Meh. 23 (1959), 787-788 (Russian) ; 
translated as J. Appl. Math. Mech. 23, 1126-1128. 


— 


1288-1294 
1291: 
Woltjer, L. Hydromagnetic equilibrium. II. Stability 
| in the variational formulation. Proc. Nat. Acad. Sci. 
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The propagation of small disturbances in a completely 
ionized gas in which energy is lost by radiation is investi- 
gated. In particular, the complex propagation constant is 
determined in the two cases of nearly adiabatic and 
isothermal motion. The attenuation is shown to be of the 
same form as that due to thermal conductivity. 


K.C. Westfold (Sydney) 


1295: 

i, Cataldo. Sulle equazioni dell’ equilibrio adia- 
batico di una massa fluida uni- 
formemente rotante e gravitante. Atti Accad. Naz. Lincei. 
Rend. Cl. Sei. Fis. Mat. Nat. (8) 26 (1959), 665-670. 

On forme les équations de |’équilibre adiabatique d’une 
masse gaseuse de conductibilité électrique infinie, en 
rotation uniforme autour d’un axe barycentrique, sujette 
& l’attraction mutuelle newtonienne des particules du 
fluide ; les courants de conduction engendrent un champ 
magnétique, dont on montre qu’il est symétrique par 
rapport l’axe de rotation. 

La résolution du probléme est ramenée a celle d’une 
équation aux dérivées partielles du quatriéme ordre dans 
le cas particulier ot la composante transverse du champ 
magnétique est nulle. J. Naze (Marseille) 


1296: 

Hillion, Pierre; Vigier, Jean-Pierre. Etude mathé- 
matique des fonctions des moments cinétiques 
internes des masses fluides relativistes. Cahiers de Phys. 
13 (1959), 257-282. 

The authors define the internal motion of a “‘relativistic 
fluid” in terms of the Lorentz transformation which 
carries a tetrad of vectors associated with the center of 
gravity of the fluid into the tetrad associated with the 
center of matter. The homogeneous part of the Lorentz 
transformation may be characterized by six parameters 
analogous to the Euler angles of a rotation in three dimen- 
sional space. The six parameters are said to span the 
configuration space of the fluid. The physically allowed 
motions take place on a hypersurface in this space. The 
present work is mainly concerned with defining a scalar 
product in the space of functions over the configuration 
space. A. H. Taub (Urbana, Il.) 


1297: 

Interprétation de ia valeur moyenne des opérateurs internes 
dans la théorie des masses fluides relativistes. Cahiers de 
Phys. 18 (1959), 283-289. 

This paper is a continuation of the one reviewed 
above. In this one remarks are made concerning the 
Lorentz invariance of the definition of the scalar product 
and the fact that the physical motions are confined to a 
hypersurface in the six dimensional configuration space. 
A. H. Taub (Urbana, Tl.) 


1298: 

Skripkin, V. A. Algebraic integrals for the self-preserv- 
ing motion of an ideal fluid in the relativistic case. Dokl. 
Akad. Nauk SSSR 127 (1959), 287-289 (Russian); trans- 
lated as Soviet Physics. Dokl. 4 (1960), 810-813. 

In a previous paper, the author [same Dokl. 123 (1958), 
799-802; MR 21 #5487] has discussed the equations of 


motion of an ideal fluid. In the present paper integrals of 
the equations are obtained in the case of “ ae 
motion in one dimension, the results being e 

terms of dimensionless functions. G. L. Clarke (London) 


1299: 

Cernoval, V.T. Determination of discharge of liquid on 
filtration in a heterogenous medium from a channel of 
arbitrary cross section. Ukrain. Mat. Z. 11 (1959), 223- 
225. (Russian) 

1300: 

Sandor, I.; Kézdi, A. Lésung der ichung 

einer eindimensionalen K mittels Matrizen- 


kalkiils. Acta Tech. Acad. Sci. Hungar. 27 (1959), 281- 
296. (English, French and Russian summaries) 
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See also 1140, 1141, 1277, 1440. 


1301: 

Berghammer, J; Bloom, 8. On the nonconservation of 
noise parameters in multivelocity beams. J. Appl. Phys. 
31 (1960), 454-458. 

Equations are derived for a one-dimensional electron 
beam with velocity spread by taking moments in velocity 
space of the Boltzmann equation. Neglecting moments of 
third-order (“heat flow’) and higher, a closed set of equa- 
tions is obtained for the velocity, current density, and 
“temperature” in terms of the electric field. With a proper 
choice of dependent variables and neglecting the “kine- 
matic” wave, transmission line equations are obtained for 
the small signal current and kinetic voltage. These can be 
used to study the propagation of noise along the beam. It 
is found that the noise parameters that are independent 
of distance along the beam when the “temperature” of 
the beam is negligible do now change with distance. For 
reasonable boundary conditions at the cathode, the noise 
parameters change in a manner so as to reduce the mini- 
mum noise figure that can be achieved in a traveling wave 
tube employing the beam. 

H. A. Haus (Cambridge, Mass.) 


1302: 

Wilhelmsson, H. The scattering of electromagnetic 
waves by an electron beam. Nuovo Cimento (10) 13 
(1959), supplemento, 311-317. 

The problem is investigated under the following condi- 
tions and assumptions: The obliquely incident plane 
electromagnetic wave is linearly polarized in an arbitrary 
direction. Its frequency is such that the ions can be con- 
sidered to be at rest. Small signal theory and the macro- 
scopic point of view are used. The electron beam is assumed 
to be of infinite length and circular cross-section with the 
d.c. density constant over the beam cross-section. The 
dielectric constants are different inside and outside the 
beam. The electrons are treated relativistically. A static 
axial magnetic field in the direction of the beam may be 

t. Equations are given for the axial components of 
the electric and magnetic field vectors. It is stated that an 
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exact solution of these coupled equations is possible. 
However, the discussion in the paper is restricted to the 
two cases when the axial magnetic field is either strong or 
zero. J. EB. Rosenthal (Passaic, N.J.) 


1303: 

Oster, Ludwig. Spectral and distribution of 
cyclotron radiation emitted by colliding particles. Phys. 
Rev. (2) 116 (1959), 474-480. 

The cyclotron radiation of colliding particles is described 
in close analogy to optical theory of line formation. In the 
first sections a single particle is considered, moving with a 
velocity small compared with the velocity of light. Investi- 
gating the radiation of an assembly of particles the author 
calculates mean values, assuming that the distribution of 
velocities among radiating particles is Maxwellian and 
that magnetic field does not change it significantly. So 
formulas are deduced for the frequency and angular 
distribution of the radiation on the further assumption 
that the collision frequency is not too high. 

H. Bremekamp (Delft) 


1304: 

Goté, T.; Sato, M.; Uchida, T. On the mechanism of the 
pinch effect. Nuovo Cimento (10) 14 (1959), 1065-1075. 
(Italian summary) 

The authors make a rather general analysis of the fast 
contraction process in a high pressure gas discharge ; they 
assume only that the cylindrical plasma column has a 
definite radius and contracts under the action of the self- 
magnetic pressure produced by the discharge current. 
Several experimental results may be explained in this 
way. The analysis, which is essentially a dimensional one, 
makes clear the successes of several more detailed physical 
pictures of the pinch effect which differ one from another: 
It is suggested that more detailed insight could be 
obtained by varying a particular initial parameter in the 
experiments (the parameter being the ratio of the dis- 
charge tube length to the total inductance of the circuit). 

R. M. May (Cambridge, Mass.) 


1305: 

Linhart, J. G. Plasma confinement by external mag- 
netic fields. Nuovo Cimento (10) 13 (1959), supplemento, 
257-283. 

In this paper a brief review is given of some of the loss 
mechanisms in plasma magnetic bottles. In particular the 
loss by collisional diffusion in velocity space through 
magnetic mirrors is reviewed following the treatment 
reported by Garren et al in P/383 of the 1958 Geneva 
conference. A rough extension is given to this t; of 
leakage in cusped geometry. It is shown that the loss rate 
depends only logarithmically on the mirror ratio. A review 
is also given of the production of runaway electrons by 
strong electric fields such that the energy is changed 
appreciably between collisions. 

The bulk of the paper is devoted to the calculation of the 
normal modes of a plasma wave guide. The plasma is 
treated in the low temperature limit in which the pressure 
terms can be neglected. The calculation is done using the 
linearized equation and assuming small r.f. magnetic fields 
compared to the DC fields. Possible application to com- 
pression of the plasma column in such a wave guide by an 
r.f. field is discussed in the light of the dispersion relation 
derived. M. N. Rosenbluth (San Diego, Calif.) 
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1306: 
Barsukov, K. A.; Kolomenskii, A. A. 
an electron in a magnetic 


(1959), 954-957 (Russian); translated as Soviet Physics. 
Tech. Phys. 4 (1960), 868-870. 

Consider a plasma in the presence of a constant external 
magnetic field. Let an electric oscillator move with a 
constant velocity in the direction of the magnetic field, 
oscillating along its direction of motion. What will be the 
resulting electro-magnetic field? What will be the relation 
between the radiated frequency and the frequency of the 
oscillator? To answer the first question the authors give 
the Fourier components of the field strengths. The second 
question is answered as follows. If the velocity of the 
source is less than the light velocity in the medium we 
obtain either the normal Doppler effect, or the “complex” 
Doppler effect, depending on the frequency of the omitted 
radiation. (““Complex’’ Doppler effect means : the radiation 
emitted by a moving source has not only its frequency 
shifted, due to the motion, but it is also split into several 
components each with a different frequency, due to the 
dispersive nature of the medium.) 

If the source moves faster than light in the medium 
one obtains Cerenkov radiation with complex Doppler 
effect. N. L. Balazs (Princeton, N.J.) 


1307: 

Volkov, T. F. Ion oscillations in a plasma. Z. Eksper. 
Teoret. Fiz. 37 (1958), 422-426 (Russian); translated as 
Soviet Physics. JETP 10 (1960), 302-304. 

If the density of a field-free plasma is perturbed in any 
way, an electromagnetic wave propagating through the 
plasma will be partially reflected from points at which the 
plasma density is high and is increased at points of re- 
duced density. This interaction may produce growing 
waves of the quasi-acoustic type in the plasma. The 
propagation constant for this type of wave is calculated. 

W. P. Allis (Cambridge, Mass.) 


1308 : 

Kovriinyh, L. M. Motion of a loop in an axially 
symmetric magnetic field. Z. Eksper. Teoret. Fiz. 36 
(1959), 1834-1838 (Russian) ; translated as Soviet Physics. 
JETP 9, 1308-1311. 

This is an extension of the work of Osovets reported at 
Geneva in 1958. The dynamics of a current loop, considered 
as an entity, and located in an axially symmetric magnetic 
field, is studied. In particular the regions of stability in a 
magnetic mirror configuration are considered. 

W. P. Allis (Cambridge, Mass.) 


1309: 
Kvasnica, J. Radiation losses in ionized 
plasma. Ozechoslovak J. Phys. 10 (1960), 14-21. (Rus- 


sian summary) 

Author’s summary: ‘““The losses caused by bremsstrah- 
lung during electron-ion and electron-electron collisions in a 
completely ionized plasma (in Born’s approximation) are 
calculated. The calculation can be carried out analytically 
for a sufficiently dilute plasma (plasma with infinitely large 
Debye-Hiickel radius). This assumption is satisfie1 very 
well by the known classification to actual controlled 
thermonuclear reaction. A de of the form I= 
an®r1/2(1 + 3-2-1/27), where a = 0.73 x 10-16 Mev. cm’ sec“, 


Z. Tehn. Fiz. 29 
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n is the number of ions per cm’ and r=kT'/mce?, is deter- 
mined for the amount of energy radiated from 1 cm® of 
plasma per sec. In the relativistic temperature region 
kT = me? the influence of electron-electron collisions begins 
to predominate. A number of important results concerning 
radiation losses in relativistic plasma will be published in 
a later paper.” L. C. Maximon (Washington, D.C.) 


1310: 

Northrop, Theodore G.; Teller, Edward. of the 
adiabatic motion of charged particles in the earth’s field. 
Phys. Rev. (2) 117 (1960), 215-225. 

Charged particles moving in electromagnetic fields 
varying slowly in space and time show three types of 
periodicity: they move in circles perpendicular to the 
magnetic lines of force at the cyclotron frequency, they 
oscillate to and fro along the lines of force, and they drift 
around surfaces generated by lines of force. This paper 
derives adiabatic invariants for the last two periodicities, 
analogous to the well-known magnetic moment for the 
first. In addition, equations of motion are derived for 
the drift from one force line to another averaged over the 
longitudinal oscillation, and for the corresponding rates 
of change of energy and periods. 
A, Herzenberg (Manchester) 


1311: 

Dolique, Jean-Michel. Etude d’une colonne de plasma 
alimentée en continu et soumise 4 un champ électromag- 
nétique: condition d’existence de solutions maxwelliennes 
non centrées; équations aux densités. C. R. Acad. Sci. 
Paris 250 (1960), 1221-1222. 


1312: 

Romberg, W. ; Kelen, A. ; ; Ostergren, L. Feldverteilung 
in einem dielektrischen Zylinder mit eingebetteter leitender 
Spirale. Acta Polytech. a 3 No. 261 (1959), 
12 pp. 

A study is made of the effect exerted by a conducting 
helix embedded in the wall of a dielectric cylinder on the 
field distribution inside the cylinder. The variables are: 
the frequency of the applied voltage and the conductivity 
and capacity of the structure per unit area. It is found 
that for thick cylinders there exists a ratio between the 
current flowing in the spiral and the displacement current 
in the dielectric, which leads to an appreciable equaliza- 
tion in the radial field distribution. In the application to 
the practical problem of high voltage insulation, such an 
equalization will occur only for frequencies below the 
usual network values. J. HE. Rosenthal (Passaic, N.J.) 


1313: 
Fainberg, Ya. B.; Kurilko, V. I. Electromagnetic pres- 
sure on a in a magnetic field. Z. Tehn. 


moving 
Fiz. 29 (1959), 939-945 (Russian); translated as Soviet 
Physics. Tech. Phys. 4 (1960), 855-860. 

The non-linear equation of motion for a single harmonic 
oscillator consisting of a radiating charged particle that is 
orbiting in a steady magnetic field in the presence of plane 
electromagnetic wave is considered. A perturbation solu- 
tion of the equations is found by assuming that the wave 
amplitude is very much smaller than the steady magnetic 
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1310-1316 


field and that the wavelength of the oscillator is 
enough so that there are no quantum effects. In this way a 
simple equation is obtained for the average radiation 
pressure at resonance and this result is compared with the 
linear theory. 

Corresponding average equations are obtained for a 
bunch of coherent oscillators and are discussed in one 
simple, non-relativistic case. Finally, the first order effect 
of non-linear harmonics on the component of velocity 
perpendicular to the magnetic field is examined briefly. 

R. D. Kodis (Providence, R.1.) 


1314: 

Cooke, J. C.; Tranter, €. J. Dual Fourier-Bessel series. 
Quart. J. Mech. Appl. Math. 12 (1959), 379-386. 

The solution of certain boundary value problems of 
potential theory (especially when the medium is confined 
within a circular cylinder or between a pair of parallel 
planes) can often be reduced to the solution of a pair of 
dual Fourier-Bessel series 


= (0<r <1), 


> = 0 (l <r <a). 
n=1 

Here, -1<p<1, F(r) is given and the a, are the positive 
roots of J»y(ana)=0. The coefficients a, have to be deter- 
mined. The formal solution of this problem proceeds 
along similar lines as employed in previous papers by the 
second of these authors. At first the a, are expressed in the 
form of a certain Neumann series with (so far unknown) 
coefficients b»,, such that the second of the above equations 
is satisfied and then the 6, must be determined in this 
manner, that the second equation is also satisfied. This 
leads to an iterative solution for these constants. As an 
example, the electrostatic potential due to an electrically 
charged circular disc situated inside a grounded coaxial 
infinite hollow cylinder is determined. 


F.. Oberhettinger (Corvallis, Ore.) 


1315: 

Collins, W. D. Note on the electrified 
Proc. Cambridge Philos. Soc. 55 (1959), 377-379. 

It is shown that the problem of determining the surface 
density of electric charge induced on a thin uniform spheri- 
cal cap kept at a constant potential can be solved by two 
applications of the solution of a generalisation of Abel’s 
integral equation. E. T.. Copson (St. Andrews) 


1316: 
Wait, James R. Terrestrial propagation of very-low- 
uency radio waves. A theoretical investigation. J. 
Res. Nat. Bur. Standards Sect. D 64D (1960), 153-204. 

A survey of the theories dealing with the propagation of 
electromagnetic waves through the interspace between 
two parallel flat or two concentric spherical boundaries, 
the three corresponding parts of space being assumed as 
homogeneous. Results obtained by various authors are 
summarized and extended to more general situations. The 
application of the chosen model to the space between the 
earth and the ionosphere leads to mode expansions which 
show its wave-guide properties for very low frequencies. 
The modes in question depend on a resonance condition 
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the solutions of which are associated with a discrete set of 
complex angular directions of propagation. 

The simplest case of perfectly conducting boundaries is 
treated in an introductory section. Its results are important 
as a starting point for a later approach, by a method of 
successive approximations, of the general case; further, 
the modes of the latter can be numbered in view of their 
continuous transition, for increasing conductivities, to 
those of the much simpler limiting case of infinite con- 
ductivities. In the next sections the determination of the 
field components is reduced to that of two Hertzian 
vectors which have to satisfy special boundary conditions. 
These conditions lead to the mentioned resonance con- 
dition which can be expressed in terms of reflection 
coefficients. In the spherical case the latter depend on 
Bessel functions, but in view of the asymptotic expressions 
of these functions, the reflection coefficients may usually 
be approximated by the corresponding Fresnel reflection 
coefficients applying to flat boundaries. The coefficients of 
the mode expansior ‘. »w from the properties of the 
source of the field whicn 1s either a vertical or a horizontal, 
electric or magnetic dipole. The field of a horizontal dipole 
can be deduced, by an elegant application of the reciprocity 
theorem, from those for a vertical electric and a vertical 
magnetic dipole. 

Special sections deal with the particular situation near 
the antipode of the transmitting dipole, and with that of 
wavelengths large compared to the distance between the 
boundaries (in the applications this distance represents 
the height of the ionosphere above the earth). The latter 
case can be approximated by a single mode which, in its 
turn, can be converted into a sum of simpler modes which 
are characteristic for a cavity-resonator; this trans- 
formation depends on an expansion of a Legendre func- 
tion of complex order into Legendre polynomials. The 
main effects of the anisotropy produced by the influence 
of the earth’s magnetic field are discussed in the last few 
sections ; this anisotropy can be accounted for by succes- 
sive approximations. Finally the effect of the stratification 
of the ionosphere is briefly discussed for some simple 
models. H. Bremmer (Eindhoven) 


1317: 

Robieux, J. Lois générales de la liaison entre radiateurs 
d@’ondes. Application aux ondes de surface et 4 la propa- 
gation. II. Propriétés rayonnantes des ondes de surface. 
Ann. Radioélec. 15 (1960), no. 59, 28-77. (English and 
German summaries) 

Author’s summary: “The theorems demonstrated in 
part I [same Ann. 14 (1959), 187-227; MR 21 #4106] of 
this study are applied in ts second part to the study of 
surface waves. 

Surface waves are guided by a layer of small thickness 
compared to the wavelength. The wave energy is contained 
almost entirely outside the layer and the dimension of the 
wave in the direction perpendicular to the surface may be 
very large. By setting up discontinuities in the structure 
which guides the wave it is possible to obtain an energy 
which is radiated in a highly directional manner, so that 
it is possible to produce high-gain aerials by applying a 
thin structure on a surface which may be metallic. The 
attendant properties are of considerable technical impor- 
tance for they make it possible to design aerodynamic 
aerials set up on aircraft, or large aerials for metric waves, 


laid on the ground. The analysis of the radiating pro- 
perties of the various kinds of discontinuities has ees 
made both for the case of waves guided by a line and by 


those guided by a surface. The transmission coefficient 


and the radiation diagram of such discontinuities have 
been determined. 

On this rigorous basis a synthesis has been produced of 
the properties of aerials in which these principles are 
applied. Experiments have been worked out in detail in 
order to verify the theoretical predictions. Aerials have 
been built on the principles derived from this theory. 

They make it possible to solve some important technical 
problems.” 


1318: 
Wait, James R.; Conda, Alyce M. On the diffraction of 
etic pulses by curved conducting surfaces. 
Canad. J. Phys. 37 (1959), 1384-1396. 
The diffraction of electromagnetic pulses of the form of 
a unit step function by a perfectly reflecting infinitely 
long circular cylinder is considered. The cases (a) magnetic 
and (b) electric vector of the incident field parallel to the 
axis of the cylinder are considered. The Fourier-Laplace 
inversion method is used. Numerical results for the current 
density on the cylindrical surface are given. Likewise 
treated is the case of the Fresnel diffraction field of a 
convex metallic surface when the source and the observer 
are at large distance from the crest of the convex obstacle. 
[Note: see also Friedlander, Comm. Pure Appl. Math. 7 
(1954), 705-732; MR 16, 538.] 
F.. Oberhettinger (Corvallis, Ore.) 


1319: 
Levy, Bertram R.; Keller, Joseph B. Diffraction by a 
id. Canad. J. Phys. 38 (1960), 128-144. 

In the problem considered, the spheroid is prolate and 
the incident field emanates from a point source on its axis 
of revolution. An expression is obtained for the diffracted 
field in series of products of spheroidal wave functions by 
analytic solution of the boundary-value problem. This is 
applied to determine the asymptotic behaviour of the field 
for small incident wavelengths. The result is shown to be 
in agreement with that obtained by use of a geometric 
approach [J. B. Keller, Proc. Symp. Appl. Math., Vol. 8, 
pp. 27-52, for Amer. Math. Soc.: McGraw-Hill, New 
York, 1958 ; MR 20 #640]. An application is made to deter- 
mine the backscattering by a perfectly conducting spheroid 
of a plane wave incident along its axis of revolution. 

In an appendix, uniform asymptotic expressions are 
derived for spheroidal wave functions for large values of 


one of the parameters. F. W. J. Olver (Teddington) 
1320: 
Hurd, R. A. Diffraction by a unidirectionally conduct- 


ing half-plane. Canad. J. Phys. 38 (1960), 168-175. 
Fourier transform techniques are used to solve a problem 
previously Karp 
(Providence, R.I.) 


1321: 

PetraSen’, G. I.; Nikolaev, B. G.; Kouzov, D. P. On the 
series method in the theory of diffraction of waves from 
plane polygonal regions. Leningrad. Gos. Univ. Ué. Zap. 
Ser. Mat. Nauk 32 (1958), 5-70. (Russian) 
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This is a lengthy treatment of diffraction by a wedge 
of arbitrary aperture insofar as the problem yields solu- 
tions by the method of series. We are concerned with 
solutions of the wave equation AU=c?U in cylindrical 
coordinates (r, p, z) in the presence of a wedge occupying 
the region r20, OSqSa, —co<z<oo, on the faces 
(p=0 and m=a) of which homogeneous Dirichlet, Neu- 
mann, or mixed conditions prevail. Here U is the total 
field having as one component uo, which by itself satisfies 
the wave equation up to the moment when diffraction 
begins, and as the other the difference u= U—wuo, which 
contains the diffractive effect. 

The basis of the method is the expansion of U into a 
series of trigonometric functions with argument m7o9/a, 
the coefficients of which are functions of r, ¢, and perhaps 
z. The inversion formulas for the coefficients implicate the 
particular representation chosen for wo, which in turn 
contains constants or functions to be fixed by the bound- 
ary conditions. The determination of these last quantities 
leads to a study of special cylinder functions which con- 
stitute the main technical development in this paper. 
Much use is made of the first author’s earlier investigations 
on these functions [see PetraSen’, Smirnova and Makarov, 
same Zap. 27 (1953), 7-95; MR 17, 1082; Petrasen’, same 
Zap. 27 (1953), 96-220; 17, 1157]. 

Topics treated in detail are the diffraction of mono- 
chromatic plane waves, the diffraction of pulses produced 
by @ point source at infinity, two-dimensional diffraction 
of both stationary waves and pulses from distributed 
sources in the finite part of the plane, and the three- 
dimensional analog of the preceding case. 

As an example of lucid exposition, the paper is out- 
standing. The reviewer believes, however, that the authors 
have attempted to create the impression that nothing 
worthwhile in the field has appeared since early in the 
century from their own school. One needs only to point, 
for example, to the references assembled by Oberhettinger 
(J. Res. Nat. Bur. Standards 61 (1958), 343-365; MR 20 
#5036] to correct any such false impression. Many impor- 
tant contributions were extant in November 1955, the date 
attached to the paper under review. 

R. N. Goss (San Diego, Calif.) 


1322: 

Nikolaev, B. G.; Vasil’eva, M. V. Some quantitative 
investigations in the diffraction of waves from polygo nal 
regions. Leni . Gos. Univ. Ué. Zap. Ser. Mat. Nauk 
32 (1958), 71-166. (Russian) 

The results of the preceding paper are subjected to 
numerical analysis to yield quantitative information. The 
full gamut of methods of evaluating cylinder functions is 
brought into play, working from series for small kr and 
from integral representations for moderate and large kr. 
The data obtained are all for the case of homogeneous 
Dirichlet boundary conditions on g=0 and g=a. About 
thirty pages are given over to graphs and numerical tables 
of u or |u|? (uw denotes the total field in this paper) for 
selected values of the source direction and wedge angle. 
In the non-stationary case the ratio r=t/cr is the chief 
parameter, and due regard is given to neighborhoods of the 
singularity r=1. Numerical treatment is limited to the 
unit source for this case. The paper should be of con- 
siderable value to anyone faced with the task of extracting 
quantitative data from ee containing cylinder 
functions. R. N. Goss (San Diego, Calif.) 
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1323: 

Kanevskii, I. N. Analysis of the diffraction of a con- 
verging cylindrical wave by a sphere. Akust. Z. 5 (1959), 
294-300 (Russian) ; translated as Soviet Physics. Acoust. 
5 (1960), 300-307. 

Author’s summary: “The diffraction of an infinite 
converging cylindrical wave by a sphere whose center is 
placed on the axis of the wave is considered. An expression 
for the potential of the resultant field is obtained, along 
with an asymptotic expression for the intensity of the 
scattered wave and the effective scat cross section. 
A comparison is made with the case of the scattering of a 
plane wave by a sphere whose circumference is small 
compared with the wavelength.” 

V. M. Papadopoulos (Providence, R.1.) 


1324: 

—— R. F. The scattering of a plane wave by a row 

small cylinders. Canad. J. Phys. 38 (1960), 272-289. 

eee s summary: “Consideration is given to the 
scattering of a plane wave by N cylinders equispaced in a 
row. The problems associated with scatterers, both ‘soft’ 
and ‘hard’ in the acoustical sense, are treated. An applica- 
tion of Green’s theorem together with the appropriate 
boundary condition on the cylinders leads to a set of 
simultaneous integral equations in the unknown function 
on the cylinders. 

Solutions in the form of series in powers of a small para- 
meter 5 (essentially the ratio of cylinder dimension to 
wavelength) are assumed. In the case of elliptic cylinders, 
the integral equations are reduced to sets of linear alge- 
braic equations. Only for the first term in the solution for 
‘soft’ cylinders is it necessary to solve N simultaneous 
equations in N unknowns; all other equations involve 
essentially only one unknown. Far-fields and scattering 
cross sections are calculated. The case of two ‘soft’ 
cylinders is given particular attention. 

Conditions for justification of the neglect of higher- 
order terms are discussed. It is found that all terms but the 
first (in either problem) may be neglected if §<1 and 

—1)/(ka) is sufficiently small. (Here a is the spacing 
between centers of adjacent cylinders, and k is the wave 
number.) For this reason these solutions are most useful 
when the number of cylinders is small.” 

E. T. Copson (St. Andrews) 


1325: 

Povzner, A. Ya.; Suharevskii, I. V. Integral equations 
of the second kind in problems of diffraction by an infinitely 
thin screen. Dokl. Akad. Nauk SSSR 127 (1959), 291- 
294 (Russian); translated as Soviet Physics. Dokl. 4 
(1960), 798-801. 

The authors discuss the possibility of finding linear 
integral equations of the second kind for scalar and vector 
boundary value problems in diffraction theory. 

A. E. Heins (Ann Arbor, Mich.) 


1326: 

Greenberg, J. Mayo. Scattering by nonspherical par- 
ticles. J. Appl. Phys. 31 (1960), 82-84. 

The short wavelength approximation is employed to 
obiain the total cross-section for the scattering of bodies 
with a complex index of refraction and of three different 


shapes, spheroidal, paraboloidal and conical particles. 
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Calculations are made for several cases, comparisons made 
and a possible astrophysical application noted. 
H. Feshbach (Cambridge, Mass.) 


1327: 

D’yakonov, B. P. Diffraction of electromagnetic waves 
on a circular cylinder in a uniform half-space. Izv. Akad. 
Nauk SSSR. Ser. Geofiz. 1959, 1332-1343. (Russian) 

The paper considers the formal solution of the problem 
of diffraction of electromagnetic waves of frequency w by 
a cylindrical inhomogeneity placed in a homogeneous 
half-space. In the formulation of the problem it is assumed 
that the field is formed by a source in air or at the surface 
of the earth while the inhomogeneity is inside the earth. 
The determination of the field at the surface of the earth 
is simplified by assuming that the only component of the 
electric field intensity is parallel to the axis of the inhomo- 
geneity and that the earth has the form of a noncoaxial 
cylinder enclosing the 

E. Rosenthal (Passaic, N.J.) 


1328: 

Belevitch, Vitold. Théorie des circuits non-linéaires 
en régime alternatif (redresseurs, modulateurs, oscil- 
lateurs). Librairie Universitaire, Louvain; Gauthier- 
Villars, Paris; 1959. 293 pp. Brochée: 360 F.B.; 
Cartonné : 420 F.B. 

This book is a comprehensive theoretical study of cir- 
cuits containing nonlinear resistances as used for recti- 
fiers, modulators, and oscillators. It is one of the very few 
books that exist on this subject. The detail presented is 
considerable so that the book would be primarily of 
interest to the graduate student specializing in this field 
and to the specialist who wants to have a comprehensive 
treatment of the subject using a unified mathematical 
approach. 

The discussion begins with the analysis of half-wave and 
full-wave rectifiers with purely resistive terminations. 
Straight-line characteristics with a break at the origin 
are assumed for the diodes. The loss is determined and 
optimal terminations leading to least loss are found. 
Modulators are treated next within the linear approxima- 
tions such that the conduction states of the diodes are 
controlled by the carrier alone. Presenting analyses in 
increasing order of difficulty the modulator using one diode 
is treated first, then the carrier-balanced modulator using 
two diodes and finally the four-diode doubly balanced 
modulator, one of its forms being the ring modulator. 

After this discussion of resistive circuits using diodes 
without de bias, the question of de bias is taken up and 
frequency multipliers producing odd harmonics are 
analyzed, the amplitudes of the harmonic current 
determined. 

The problem of resonant terminations is discussed next. 
The discussion is limited to high Q terminations such that 
the response of the termination at any but the resonant 
frequency can be disregarded. The linear modulators are 
treated, their loss factors are evaluated and improvements 
over the use of resistive terminations are noted. The 
effects of an insufficient filtering of the next higher har- 
monic is determined. A generalized reciprocity theorem is 
derived for the linear voltage and current amplitudes 
produced by a nonlinear resistance fed by a large carrier 
and small signal amplitude. This theorem is used to 
interpret some of the results on linear modulators. 


OPTICS, ELECTROMAGNETIC THEORY, CIRCUITS 


Next, rectification with frequency sensitive terminations 
is studied. The results obtained prove helpful for the study 
of nonlinear effects in modulators produced by the fact 
that in the vicinity of the nulls of the carrier voltage or 
current, the signal may control the conduction of the 
diodes. The amplitudes of the higher harmonics 02 + nw 
are computed for some of the typical modulator circuits. 
The crosstalk between two signals produced by this 
nonlinearity is determined. The remainder of the section 
devoted to rectifiers and modulators deals in more general 
terms with the problems inherent in an exact analysis of 
networks containing diodes. 

The last 6 chapters of the book deal with the analysis of 
oscillators consisting of an element with a nonlinear vol- 
tage current characteristic and an appropriate feedback 
network. The characteristic used is mostly the cubic one. 
The steady-state solutions are determined first for an 
oscillator oscillating at one frequency. The stability of the 
states is investigated by determining the complex fre- 
quencies of the perturbations of the steady-state. The 
difference between a “soft’’ and a “hard” oscillator, the 
latter of which has to be brought to oscillation by an 
a applied signal is established using a polynomial 

h . 


Next, simultaneous oscillation at two different fre- 
quencies is taken up. The results are used to estimate the 
effect of insufficient suppression of harmonics as well as 
the problems of synchronization of the oscillator with an 
externally impressed signal. The regions of stability are 
studied in great detail and the ranges of forcing amplitude 
and frequency that still produce synchronization are 
studied. A natural extension of these methods leads to a 
theory of frequency dividers. 

As a last example using the developed methods, a grid- 
current-limited oscillator is discussed. The book concludes 
with a general discussion of the mathematical methods of 
analysis for negative-resistance oscillators. 

The writer of the book is an active worker in this field. 
As a consequence the book achieves an exemplary unity 
of approach and subjects. The presentation is clear, the 
mathematical steps are all well explained. Some new and 
hitherto unpublished results are presented. In places it 
would have been helpful if more physical interpretations 
of the results would have been given. All in all the book is 
a worthwhile addition to the technical literature. 

H. A. Haus (Cambridge, Mass.) 


1329: 

Meixner, J. Impedanz und Lagrange-Funktion linearer 
dissipativer Systeme. Z. Physik 156 (1959), 200-210. 
(English summary) 

Equivalent linear networks are characterized by having 
identical impedance functions and thus behaving identi- 
cally under all forms of external stimulation. But since their 
structure is different they need not have identical electric 
and magnetic energy storage properties. On general 
terms only the identity of the amt of electric and 
magnetic energy has been proved. 

In the present paper, a new proof of this theorem is given 
for n-ports. For this purpose the difference of energies is 
expressed in terms of the impedance matrix. From the 
identity of the impedance matrix the identity of the energy 
difference follows. 

An analogous theorem can. be derived for absorptive 
systems (relaxation systems). A Lagrange function is 
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derived that contains the internal energy. In an absorptive 
material the electric energy is not determined by the field 
strength and the frequency dependent dielectric constant 
alone, but only if the mechanism responsible for absorp- 
tion is known. 

Finally, general linear dissipative ms are con- 
sidered. They are described by external variables referring 
to observable quantities and by internal variables. Again 
a Lagrange function can be established. In analogy to the 
results of the theory of electrical networks and the 
thermodynamical theory of relaxation systems it is con- 
cluded that this function can be interpreted as the 
difference of two energies, one a potential and the other 
a kinetic energy. B. Gross (Rio de Janeiro) 


1330a : 
Moisil, Gr. C. L’emploi des logiques 4 trois valeurs dans 
la théorie des mécanismes automatiques. VI. Relais 
isés 4 neutre instable. Com. Acad. R. P. Romine 9 
(1959), 411-413. (Romanian. Russian and French sum- 

maries) 


1330b : 

Moisil, Gr. C. L’emploi des logiques 4 trois valeurs dans 
la théorie des mécanismes automatiques. VII. Fonc- 
tionnement des relais ordinaires 4 courant d’automaintien 
réduit. Com. Acad. R. P. Romine 9 (1959), 531-532. 
(Romanian. Russian and French summaries) 


13306 : 

Moisil, Gr. C. L’emploi des logiques 4 trois valeurs dans 
la théorie des mécanismes automatiques. VIII. Dipdles 
Il & contacts et résistances. Com. Acad. R. P. Romine 9 
(1959), 533-536. (Romanian. Russian and French sum- 
maries) 


[For part V, see same Com. 8 (1958), 1127—1128.] 

In VI, the author shows that each function from a 
three-element ordered chain to that chain can be realized 
as the work function of a relay of the title. In VII, the 
elements of the chain are interpreted for circuits. In VIII, 
a Il-dipole is combined first in series, then in parallel, with 
a lamp, and conductivities are discussed. 

F. Haimo (St. Louis, Mo.) 


CLASSICAL THERMODYNAMICS, HEAT TRANSFER 
See also A887, 1087, 1089a—b, 1090, 1212. 


1331: 

Miranker, Willard L.; Keller, Joseph B. The Stefan 
problem for a nonlinear equation. J. Math. Mech. 9 
(1960), 67-70. 

The authors prove, in another manner, the existence of 
a solution of a non-linear one-dimensional moving bound- 
ary diffusion problem (Stefan problem) with a concen- 
tration dependent diffusion coefficient D(c)= }Dg(c/co) : 
Rit), t>0, [ R(t), t}=0, 0)=Co, 
z>0, Re=4kDo(c/co)ce at x= R(t), ¢>0, with R(O)=90, in 
which the concentration c is a function of zt-1/? only and 


1330a 


the displacement of the moving boundary R is propor- 
tional to ¢#\/2 and D, k and co are constants under the 
conditions that (a) g has a continuous derivative and lies 
between positive bounds 0<G@i G2, and (b) 0<keo < 
Gi/Ge. H. Frisch (Murray Hill, N.J.) 


1332: 

Merk, H. J. The macroscopic equations for simultaneous 
heat and mass transfer in isotropic, continuous and closed 
systems. Appl. Sci. Res. A 8 (1958/59), 73-99. 

L’auteur discute l’obtention des équations en cause, 
pour lesquelles on trouve différentes formes dans la littéra- 
ture. Une attention particuliére est donnée aux équations 
de la diffusion et de l’énergie. Pour cette derniére, une 
forme un peu différente de la forme habituelle est obtenue 
du fait de la dépendance entre |’enthalpie et la concen- 
tration, et aussi par l’introduction de |’effet de diffusion 
des capacités thermiques, déja considéré par Ackermann. 
Pour décrire les transferts de masse, il est fait usage des 
formules de la thermodynamique des phénoménes irréver- 
sibles. Il est montré que dans le cas des systémes binaires, 
une description barycentrique de la diffusion parait la 
meilleure, surtout quand la convection joue un rile 
important, tandis que pour les systémes 4 composantes 
multiples, il semble préférable d’exprimer la diffusion en 
fonction de l’activité. Les lois de Maxwell sont ainsi 
retrouvées et il est montré que les relations obtenues 
jusqu’ici, comme premiére approximation de la théorie 
cinétique des gaz peuvent valoir dans des hypothéses 
plus larges. Une forme simplifiée des équations de la 
diffusion est obtenue en supposant que les coefficients de 
diffusion sont égaux : les équations sont alors analogues a 
celles des systémes binaires. De méme est indiquée une 
forme simplifiée de l’équation de |’énergie, qui différe un 
peu de celle donnée par Spalding et Emmons. 

R. Gerber (Grenoble) 


1333: 

Stein, R. P. A solution of the steady linear heat-flow 
equation with heat generation and conductivity ~ 9nd 
temperature. J. Appl. Mech. 26 (1959), 685- 


remarque que l’intégration de l’équation de la 


conduction 


dz \ dx 
peut se ramener a des quadratures, lorsque la conductivité 
k, et le dégagement de chaleur local g, dépendent da la 


température ¢. Posant » = kdt/dz on a en effet : 


k(r)dr 
t [po* + 2po(to, 7)}/* 


Le cas K=ko(1+A(t—to)) est en parti- 
culier considéré. I] correspond & la distribution de la tem- 

pérature dans une plaque chauffée par effet Joule, lorsque 
les conductivités électrique et thermique varient linéaire- 
ment avec la température. Malheureusement dans ce cas 
usuel l’intégration donnant ¢(z) n’est pas élémentaire et 
force est d’utiliser un développement en série. 
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L’auteur montre que l’intégration peut étre effectuée 
avec la loi k=ko(T'/T'o)", y=yo(T'/T'o)'** (7 température 
absolue, y conductivité électrique) et pour les valeurs 
particuliéres 1, 4, —1, de n. R. Gerber (Grenoble) 


1334: 

Gilbert, Robert P. Reverse in situ combustion. Z. 
Angew. Math. Phys. 10 (1959), 544-551. (German sum- 
mary) 

The in situ combustion is employed in the petroleum 
industry as a thermal-recovery method for residual oil in 
a reservoir. The concept is that by raising the temperature 
of the reservoir, the viscosity of the oil is lowered and 
thereby its mobility is increased. By suggesting the im- 
mobility of the cold oil, hydrodynamic effect occurs only 
in the combustion zone. This situation, where oxidant and 
reaction zone proceed in opposite direction, is referred to 
as reverse in situ combustion. 

Using a one-dimensional model of a porous medium 
filled with immobile hydrocarbon and adopting some 
simplifying assumptions (steadily propagated combustion, 
same heat content for oxidant and combustion products, 
linear relation of heat generation and oxygen consump- 
tion, ete.) the author is able to reduce the energy equation 
by the interchange of dependent and independent 
variables to a single first order nonlinear differential 
equation in the case of no heat exchange between gases 
and solids and to a pair of simultaneous first order equa- 
tions with heat exchange. Iteration is suggested as the 
method of solution. No solution is given. 

L. N. Tao (Chicago, Ill.) 


QUANTUM MECHANICS 
See also A874, 1143, 1296, 1297, 1309. 


1335 : 

Targonski, Gy. Approximation of velocity-dependent 
potentials by separable kernels. Nuovo Cimento (10) 14 
(1959), 1093-1101. (Italian summary) 

The Schrédinger equation for a two-nucleon problem 
with velocity dependent forces contains an integral 
operator. The kernel of this operator is approximated by a 
separable one. The “best’”’ approximation is defined in the 
sense of minimum square deviation. It is proved that this 
approximation is good if the largest eigenvalue of the 
original kernel is non-degenerate and widely separated 
from the next one. The properties of the approximation 
remain unchanged in the momentum space representation. 

E. J. Verboven (Utrecht) 


1336: 

Aharonov, Y.; Bohm, D. Significance of electromag- 
netic potentials in the quantum theory. Phys. Rev. (2) 
115 (1959), 485-491. 

In this interesting paper, the authors discuss whether 
electromagnetic potentials can lead to experimental 
consequences depending on the potentials directly, and 
not merely on the electromagnetic field tensor. They 
consider two non-relativistic experiments in which an 
electron beam is split into two separate coherent wave 


packets, and the separate portions, after being subjected 
to different potentials, are recombined. 

In the first experiment the two portions pass through 
long cylindrical tubes, and when each packet is well inside, 
the potential inside each tube is changed. If ¥ =: +429 
before entering the tubes, then 


with S,=e $idt, dedt. Interference effects depend- 
ing on (S:—Sz2)/h should be observed in the recombined 
beam. If the potential is non-zero only when the electrons 
are well inside the tube, then at no stage is an electro- 
magnetic field acting (¢: and ¢2 are assumed to depend 
only on ¢ in the interior of the tube). {The establishment of 
an electric field in the tube would require the appearance 
of a transient wave which could be considered as the 
physical cause of the non-uniform change in phase of #.} 
In a second experiment, the two portions pass around a 
long thin solenoid, and recombine on the other side. If 
the solenoid is sufficiently small and sufficiently long, then 
the split beam does not pass through a region where the 
magnetic field H is non-zero. The interference expected in 
this case will depend on the phase difference (S; —S2)/h= 
(e/fic) f A-dx, and this will be non-zero if A is multiple 
valued—as it will be outside the solenoid. So that once 
again, although at all times the electron wave packets are 
in field free regions, observable physical phenomena occur. 
The non-relativistic Schrédinger equation is solved 
exactly in the second case, and this expectation is con- 
firmed. {However, there is no question of any departure 
from either the principles of quantum mechanics or of 
gauge invariance, and so it is chiefly a question of inter- 
pretation which is involved. In a relativistic theory such 
a conclusion would be surprising, as it supposes that 
observable effects can depend on potentials only, con- 
tradicting gauge invariance. But the calculation made is 
non-relativistic, and the magnetic field could be regarded 
as manifesting itself through the boundary conditions 


which are imposed.} C. A. Hurst (Adelaide) 
1337 : 
Bross, Helmut. Definition und Eigenschaften der 


bikubisch-sphirischen Harmonischen. Z. Naturf. 14a 
(1959), 892-900. 

Bi-cubical spherical harmonics depend on two points, 
P and P’, of the unit sphere. Considered as functions of 
either of these two points, they are spherical surface 
harmonics; and they are further characterized by the 
property of remaining invariant if both points are sub- 
jected to the group of -otations of an octahedron. Bi- 
cubical spherical harmonics can consequently be expanded 
in products of spherical surface harmonics, one factor in 
the product depending on P and the other on P’. The 
author describes two methods for constructing these 
expansions : both methods depend on group representation 
theory, and they differ in the way in which they make use 
of the Clebsch-Gordan coefficients. Numerical tables of 
some of the coefficients in these expansions, and of the 
corresponding normalization integral>, are also given. 
The author discusses further the symmetry properties of 
his system of bi-cubical spherical harmonics, in particular 
their behaviour under inversion, and under the inter- 
change of P and P’. A. Erdélyi (Pasadena, Calif.) 
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1338 : 

Th.; Wildermuth, K. Antisymmetriza- 
tion of “cluster model” wave functions and their expansion 
in “shell model” wave functions. Nuclear Phys. 14 
(1959/60), 349-375. 

Methods are obtained for antisymmetrizing wave 
functions of the form f;f2X where f; and f2 are respectively 
antisymmetric in the particles of two clusters and X is a 
function of the relative coordinates of the mass centres of 
the two clusters. The method is illustrated on six states 
of Be®, C12, N15, and 01. The problem of antisymmetrizing 
a function f(x1, 22, ---,%n), analytic in n variables, is 
discussed and it is proved that lowest order derivative of 
{ which occurs in the resulting expression is 4n(n— 1). 

A. J. Coleman (Kingston, Ont.) 


1339: 

Tobocman, W.; Foldy, L. L. 
Schrédinger wave function. 
483-490. 

In this paper the authors consider the integral equations 
equivalent to the equation — H))=0. The bound state 
problem is considered first. Here the integral equation is 


= ¢o+(Eo—Ho)Ao( V —A)y, 


where (Zo — = 0, H=Ho+ V, A=(H—Eo) and Agisa 
projection operator such that Aodo= 0. In the second part 
of the paper the Lippman-Schwinger integral equations 
are derived from the time-dependent Schroedinger, using 
limiting wave-packets to describe the scattering systems. 
It is shown that the Lippman-Schwinger equations also 
apply to bound states. H. Feshbach (Cambridge, Mass.) 


for the 
Amer. J. Phys. 27 (1959), 


1340: 

Rastogi, N. C.; ; Vachaspati. Solution of the Dirac equa- 
tion for potentials. Proc. Indian Mark 
Sci. Sect. A 50 (1959), 202-205. 

This is a slight reformulation of Eliezer’s [Proc. Cam- 
bridge Philos. Soc. 54 (1958), 247-250; MR 20 #2997] 
solution of the Dirac equation for the electromagnetic 
vector potential A in terms of the spinor amplitude and an 
arbitrary linear combination of the A» themselves. 

S. Deser (Waltham, Mass.) 


1341: 

Domokos, G non-localizable 
Phys. Acad. Sci. Hungar. 11, 81-86 (1960). 
summary) 

Author’s summary : ““T'wo simple non-local models are 
investigated : a free oscillator with non-local potential and 
an oscillator with non-local kinetic and potential energies. 
Solutions of the classical equations of motion for a finite 
time interval are obtained, which do not seem to exhibit 
physically unreasonable features.” 


Acta 
(Russian 


1342: 

Deloff, A. Relativistic Coulomb wave function with 
definite momentum Nuclear 
Phys. 18 (1959), 136-139. 

A relativistic Coulomb wave function is given exactly 
in the form A(r, p)u(p, c) where = p) is an operator 
constructed from Dirac matrices and «u(p,c) is a plane 
wave spinor. A. Dalgarno (Belfast) 


QUANTUM MECHANICS 


1343: 

Serdobol’skii, V. I. On the theory of scattering via 
quasi-stationary states. Z. Eksper. Teoret. Fiz. 36 
(1959), 1903-1908 (Russian) ; translated as Soviet Physics. 
JETP 9, 1354-1357. 

Author’s summary: “The continuous-spectrum wave 
function that describes S scattering is expanded in series 
in terms of a system of wave functions of quasi-stationary 
states with complex energies. The validity of the expan- 
sion is established by a study of the analytic properties of 
the solution. The resulting dispersion formulas express the 
energy dependence of the cross section in a more con- 
venient way than that provided by previous theories.” 


problem in the quantum 

Uspehi Mat. Nauk 14 (1959), 
no. 4 (88), 57-119. (Russian) 

The radial part of Schrédinger’s equation for a scattering 
problem has the general form 


-= d(x, k)+¢q(x)x, k) = k), 


with the initial condition ¥(0,k)=0. If the potential 
function g(x) vanishes sufficiently fast for z—-0oo, the 
asymptotic solution has the form 


W(x, k) C(k) sin (ka — 9(k)). 


It is asked, in how much does the “phase shift” »(k) 
determine the potential and what is the relationship 
between their properties. The present paper reviews in 
detail all Western as well as Russian works relevant to the 
problem, both in their mathematical and physical aspects. 

P. Roman (Manchester) 


1345: 

Mel’nikov, V. K. On methods in the in- 
inverse problem in the quantum theory of i 
Uspehi Mat. Nauk 14 (1959), no. 4 (88), 121-131. 
sian) 

Since for higher energies the Schrédinger’s non- 
relativistic wave equation does not apply, the experi- 
mental analysis of scattering cross-sections can not fully 
be utilized in determining the potential from the phase 
shifts. Therefore, the problem arises as to how much 
information can be gained about the scattering potential 
from the knowledge of the cross-sections for a limited 
energy range and what will be the accuracy of this 
determination of the potential. The present paper estab- 
lishes the appropriate approximation methods for the 
case of S-wave scattering. P. Roman (Manchester) 


(Rus- 


1346: 

Peierls, R. E. values in scattering theory. 
Proc. Roy. Soc. London. Ser. A 253 (1959), 16-36. 

The analytic properties of the scattering matrix for 
S-state scattering of a non-relativistic particle by a 
“target ing discrete excited states” (or, equivalent- 
ly, multi-channel two-particle scattering) considered as a 
— of the particle momentum (or energy) are 

. Explicit representations in terms of “the 
‘physical’ resonance states at complex energy” are 
constructed in those cases where the interaction vanishes 
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1347-1353 


outside a finite range. For an exponential potential a 
similar representation is derived [reproducing the results 
of S. T. Ma, Phys. Rev. (2) 71 (1947), 195-200; MR 8, 
425], containing ‘‘redundant’”’ poles. The cases of potentials 
with Yukawa tails, scattering of relativistic particles and 
seattering with infinitely many channels are discussed 
very briefly. E.C. G. Sudarshan (Rochester, N.Y.) 


1347: 

Frautschi, Steven C. Inconsistency among the pro- 
perties of renormalizability, analyticity, and regularity at 
zero charge. Progr. Theoret. Phys. 22 (1959), 882-888. 

This paper presents further evidence for the belief that 
the photon propagator in electrodynamics has an essential 
singularity at zero charge, so that the perturbation series 
can only be an asymptotic expansion. It is shown that the 
renormalizability and analyticity assumptions are incom- 
patible with regularity at e?=0. The crucial step is the 
proof, using the charge renormalization group, that the 
high-energy limit of the group invariant ed is independent 
of the physical charge. From the assumption of regularity 
it follows that this limit vanishes, in contradiction with the 
analyticity properties, which require that it exceed the 
physical value of e2. These conclusions are illustrated by a 
consideration of the second-order propagator, and the 
corresponding solutions of the group equation. This 
section might be rather clearer if Eq. (4.2) were written 
in its explicitly A-dependent form 


ed 3a 4m? — 2 


T. W. B. Kibble (London) 


1348: 

LivSic, M.S. Intermediate systems in quantum electro- 
dynamics. Dokl. Akad. Nauk SSSR 126 (1959), 550-553 
(Russian) ; translated as Soviet Physics. Dokl. 4, 609-613. 

The author applies the method developed in his earlier 
work [see his paper in Uspehi Mat. Nauk 12 (1957), no. 1 
(73), 212-218; MR 19, 216] to the scattering of a photon 
by a free electron and to positron-electron and electron- 
electron scattering. He calculates the elements of the 
scattering matrix by his method, and compares his results 
with those given by the usual second-order approximation. 
In the photon-electron case he finds a singular vaiue for the 
scattering angle not given by the usual formula; on the 
other hand, in the electron-electron case, where the usual 
approximation shows a singularity for scattering angles 
of 0 and z, the author's method gives finite matrix 
elements for all angles. The actual formulas are too 
complicated to reproduce here. 


F. Smithies (Cambridge, England) 


1349: 

Bogoliubov, N. N.; Shirkov, D. V. Introduction to the 
theory of quantized fields. Authorized ish edition. 
Revised and enlarged by the authors. Translated from 
the Russian by G. M. Volkoff. Interscience Monographs 
in Physics and Astronomy, Vol. III. Interscience Pub- 
lishers, Inc., New York; Interscience Publishers Ltd., 
London ; 1959. xvi+720 pp. $17.00. 

This is a translation of Vvdenie v kvantovannyh 
polei (Gosudarstv. Izdat. Tehn.-Teor. Lit., Moscow, 1957], 


QUANTUM MECHANICS 


reviewed in MR 20 #5047. The authors have supplied some 
additional material for this translation and effected 
numerous minor revisions. 


en Dispersion relations and 
Chew-Low type equations for inelastic meson processes in 
the fixed source case. Z. Eksper. Teoret. Fiz. 36 (1959), 
1103-1109 (Russian) ; translated as Soviet Physics. JETP 
9, 784-788. 

The processes 7+ N-—>-na7+WN are studied by means of 
scattering theory in the form introduced by Bogoliubov 
[#1349 above]. Dispersion relations in the total energy 
variable are established in the fixed source limit with the 
help of the causality condition in the form given by 
Bogoliubov. The Chew-Low equations are subsequently 
established, thus reversing the procedure used in previous 
work [R. E. Norton and A. Klein, Phys. Rev. (2) 109 
(1958), 584-600; MR 19, 1232]. The relative utility of 
different possible choices of the auxiliary variables is 
discussed briefly and more detailed applications are 


promised. A. Klein (Philadelphia, Pa.) 
1351: 
De Celles, Paul; Feldman, Gordon. relations 


in the Lee model. Nuclear Phys. 14 (1959/60), 517-521. 
The authors use the well known Lee model [see T. D. 
Lee, Phys. Rev. (2) 95 (1954), 1329-1334; MR 16, 317] to 
test the validity of a dispersion relation approach to the 
renormalization constants. Instead of solving the model 
with straightforward methods they introduce a certain 
function L(w). An integral of the square of this function is 
essentially the renormalization constant for the V- 
particle field. With the aid of a reduction formula techni- 
que they derive a certain integral equation for this 
function L(w). The integral equation is of a type which can 
be solved. Apparently to the surprise of the authors it 
turns out that this approach gives the same result as more 
conventional methods. G. Kdllén (Lund) 


1352: 
irring, W. relations. Nuovo Cimento 
(10) 14 (1959), 385-400. 

These are notes of lectures in which dispersion relations 
for two-particle scattering in quantum field theory are 
derived from the axioms of microscopic causality, Lorentz 
covariance and non-existence of negative energies, 
together with assumptions about the mass spectrum. 
The relations are applied to photon-proton and pion- 
nucleon scattering. P..W. Higgs (London) 


1353: 

Corinaldesi, E. An introduction to relations. 
Nuovo Cimento (10) 14 (1959), supplemento, 369-384. 

An introductory lecture: Titchmarsh’s theorem on the 
Fourier transform of a square-integrable function which 
vanishes for negative argument is enunciated and applied 
to the theory of optical dispersion. An appendix discusses 
dispersion relations for photon-electron scattering and for 
non-relativistic potential scattering. 


P. W. Higgs (London) 


QUANTUM MECHANICS 


1354: 

Halfin, L. A. New dispersion relations in quantum 
field theory. Z. Eksper. Teoret. Fiz. 36 (1959), 1088-1092 
(Russian); translated as Soviet Physics. JETP 9, 774- 
776. 

Conventional dispersion theory gives relations between 
the real and imaginary parts of the scattering amplitude, 
f(#). In this paper, the author derives re.: dispersion 
relations (for forward scattering) relating tu. phase and 
modulus of f(Z#). These relations have the advantage of 
being independent of the infinite energy behavior of 
{(#). They have the disadvantage of requiring knowledge 
of the zeros of the scattering amplitude in the upper half 
plane (Im #>0). A great deal of information about these 
zeros, however, can be obtained if one assumes that the 
total cross section never vanishes for any finite Z in 
the physical domain. In this case the author finds, for the 
situation of zero rest mass bosons, that either there are no 
zeros of f(#) in the upper half plane (if Re f(0) and 
Re f(0o) have the same sign) or there is one pure imaginary 
zero (if Re f(0) and Re fc) have opposite sign). For 
bosons of non-vanishing rest mass py, there will, in general, 
be a finite number of zeros in the upper half plane. Detailed 
results here require a knowledge of the scattering ampli- 
tude in the nonphysical region p< <p). 

R. Arnowitt (Syracuse, N.Y.) 


1355 : 

Petrina, D. Ya. Dispersion relationships for inelastic 
scattering in unrelativistic approximation. Ukrain. Mat. 
Z. 11 (1959), 267-274. (Russian. English summary) 

Author’s summary: “Inelastic scattering is considered 
in unrelativistic approximation. Fredholm’s method for a 
system of integral equations is applied to solve this prob- 
lem. The author proves that under certain conditions 
imposed on the potential, the amplitudes of scattering 
typical for elastic and inelastic scattering permit an 
analytical continuation in a complex Z-plane. Dispersion 
relations are derived.” 


1356 : 
Mal’tenko, V. I. Dispersion for the scat- 
tering of spinless relativistic particles by an external scalar 


field. Ukrain. Mat. Z. 11 (1959), 256-266. 
English summary) 

Author’s summary : “Fredholm’s method is applied for 
solving an integral equation for the scattering of Klein- 
Gordon particles by a scalar spherically symmetrical 
potential. The matrix of scattering is constructed, and it is 
shown that for a broad class of potentials it is—when 
considered as a function of the energy and momentum of 
transfer—analytical in the complex energy plane for a real 
momentum of transfer. The dispersion relationships are 
obtained in a standard way from Cauchy’s theorem.” 


(Russian. 


1357 : 

Omnés, Roland. Généralisation de la démonstration 
des relations de dispersion. C. R. Acad. Sci. Paris 250 
(1960), 1203-1205. 

Résumé de l’auteur: “On indique une modification de 
la démonstration des relations de dispersion pour les 
collisions & deux particules en théorie des champs. En 
étudiant directement le domaine d’holomorphie de 


lamplitude de réaction sans se référer & un systéme de 
coordonnées particulier, on démontre les relations de dis- 
persion & transfert d’impulsion fixe dans le cas od les 
masses des particules entrantes et sortantes sont quel- 
conques.”’ 


1358: 

Mandelbrojt, J. Etude critique et forme simplifiée 
résoluble de l’approximation de intermédiaire de 
Tomo: Nuovo Cimento (10) 14 (1959), 625-636. 
(English and Italian summaries) 

Author’s summary : ““Tomonaga’s intermediate coupling 
approximation is discussed critically for all values of the 
coupling constant. A simplified approximation which has 
similar properties is given and the corresponding equations 
are solved explicitly.” P. Roman (Manchester) 


1359: 

Ogieveckii, V. I.; Polubarinov, I. V. Wave oem 
with zero and nonzero rest masses. Z. Eksper. T: 

Fiz. 37 (1959), 470-476 (Russian); translated as Soviet 
Physics. JETP 10 (1960), 335-338. 

It has been known for a half-century that Maxwell’s 
equations of the electromagnetic field admit the 15- 
parameter conformal group, first studied by S. Lie, as a 
group of symmetry transformations. More recent inter- 
pretation of field theories as associated with particles has 
suggested that this will be the case also for all fields for 
which the associated particles have rest-mass zero. This is 
specifically the case for the Klein-Gordon and the Dirac 
equations. The authors present a generalization of this 
theory for fields associated with particles of non-zero 
rest-mass, at least for the Klein-Gordon and Dirac equa- 
tions. Taking these equations in their momentum co- 
ordinate forms, a transformation is made which reduces 
them to the corresponding equations with zero rest-mass. 
The transformations of the conformal group can then be 
applied to the latter equations, after which they can be 
transformed back to their original forms. The authors 
infer that this defines a new 15-parameter group of sym- 
metry transformations of the original equations. The 
infinitesimal transformations of this group are derived, 
expressed in terms of momentum variables. {No standard 
approach to questions of this nature exists in physical 
theory at this time. Since the techniques used are local, 
in the sense of Lie’s theory of continuous groups, they 
refer only to the symmetry properties of the differential 
equations locally, and do not answer questions dependent 
on the behavior of the solutions in the large. It is difficult 
to say whether this is more symptomatic of mathematical 
or physical difficulties in present theories.} 


E. L. Hill (Minneapolis, Minn.) 


1360: 

Wanders, G. On the problem of causality. Nuovo 
Cimento (10) 14 (1959), 168-184. (Italian summary) 

The object of this paper is to discuss a possible replace- 
ment of the conventional “causality requirement” of a 
field theory (i.e., the requirement that two field operators 
commute for space like separations) by a weaker condition 
which is more intimately related to the S-matrix. The first 
idea which suggests itself is to discuss the behaviour of 
wave packets with sharp fronts and to require that the 
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front of such a wave never propagates faster than 
the velocity of light. Unfortunately, this idea does not 
work very well for particles with non-zero mass as it is 
impossible to build up wave packets which vanish exactly 
outside some space time region without using “unphysical” 
frequencies smaller than the mass m. The author then 
discusses the idea that one should use the wave packets 
one can make and replace the strict causality requirement 
by a weaker condition which says, roughly, that the 
probability of a particle’s reaching a certain point is never 
bigger than the probability one would have in a theory 
without interaction. However, the author rejects also this 
requirement on the ground that one could think of an 
elementary scattering theory where the scatterer is such 
that it accelerates the incoming particles and makes them 
arrive earlier than what would otherwise be the case. The 
author finally formulates his causality requirement in 
such a form that it implies the above “retardation” 
property only asymptotically for large times. The intuitive 
idea is that if one has a reasonable scatterer with a finite 

and a finite strength, the acceleration mentioned 
above should be limited to finite times when the incoming 
particles are in the neighbourhood of the scatterer. The 
exact mathematical formulation of this idea reads 


where P(x) and Po(z) are the transition probabilities with 
and without the scatterer present. Clearly, this is a very 
weak condition and it is not to be expected that it leads to 
such strong restrictions on the analyticity properties of 
the S-matrix as local commutativity does. The author 
shows by examples that a pole of the S-matrix in the 
upper half plane does not violate his causality condition 
although it, of course, violates local commutativity. On 
the other hand, he shows that if S can be continued 
analytically into an infinitesimal strip of the upper half 
plane, the new causality condition is satisfied—at least for 
a certain rather general class of wave packets. It should 
perhaps be mentioned that all these explicit calculations 
are made for a model world with only one space- and one 
time-dimension. G. Kdllén (Lund) 


1361: 

Slavnov, D. A.; Sukhanov, A. D. Causality in a theory 
with indefinite metric. Soviet Physics. Dokl. 124 (4) 
(1959), 71-73 (1229-1232 Dokl. Akad. Nauk SSSR). 

Heisenberg’s proposal [Rev. Mod. Phys. 29 (1957), 
269-278 ; MR 19, 813] of an indefinite metric in the space 
of state amplitudes leads to difficulties over causality at 
least within the framework of perturbation theory. It is 
not possible to construct a scattering matrix acting in the 
subspace of physical states, and which is unitary, weakly 
causal (and relativistically covariant) from a similar 
scattering matrix acting in the whole space. Difficulties 
arise at the fourth order. C. W. Kilmister (London) 


1362: 

Froissart, M. Covariant formalism of a field with inde- 
finite metric. Nuovo Cimento (10) 14 (1959), supplemento, 
197-204. 

The structure of a relativistic field theory model which 
contains “ghost” states (i.c., states with zero norm) is 
investigated in the framework of a canonical formalism. 


QUANTUM MECHANICS 


It is shown that the idea of a ghost can be associated in a 
coherent way to a covariant formalism of fields. The fields 
are hereby considered as in- or out-going fields. The total 
Hilbert space is the direct product of the Hilbert space of 
the ghosts and of that of the physical particles. Then the 
S-matrix, in terms of the asymptotic fields, will in general 
transform a physical state in a mixture of physical and 
ghost states. This unphysical result can be avoided if one 
restricts the space of final states to a space with positive 
(perhaps semi-definite) metric. To compensate this 
restriction, one can allow the initial state to be in a space 
larger than the physical state space, with the condition 
that the metric in that space be also positive. It appears 
that, if one has to do explicit calculations in a realistic 
theory, it would be much easier to handle the dipole-type 
of ghosts than the exponential type. 

P. Roman (Manchester) 


(1959), 62-70 (Russian); translated as Soviet Physics. 
JETP 10 (1960), 45-50. 

This is an important paper dealing with the real singu- 
larities of the contributions from Feynman graphs. Al- 
though conventional vertex parts with three external 
lines are discussed in some detail as an illustration, the 
method is in fact general and applicable to graphs with 
an arbitrary number of external lines. The author is 
insistent that these graphs are not to be associated with 
perturbation theory but are to be thought of as the 
foundation of a new calculus for describing elementary 
particles. However since they are constructed according 
to Feynman’s prescription the more conventionally minded 
= also find here the analytic properties of perturbation 
theory. 

The singularities are to be located by finding the first 
point of vanishing of the Feynman denominator. This 
results in the following prescription: If q;, m; and o, are 
the momentum, mass and Feynman parameter respectively 
associated with the ith line of the graph, then for each line 
we have (1) either a;=0, or q2—m,2=0. To these equa- 
tions are added those expressing symmetric integration, 
(2) Si0op «#g1= 0, where the sums are taken round each of 
the independent closed loops of the graph. 

It is then pointed out that in many cases these equations 
permit a simple graphical construction for their solution. 
Those lines having o;=0 are short-circuited and the dual 
of the reduced graph is drawn. In this dual diagram the 
lengths of the sides corresponding to the remaining inter- 
nal lines are put equal to the appropriate internal masses. 
This satisfies equations (1) while equations (2) now express 
linear dependence relations between the vectors meeting 
at the points which are the duals of the original loops. 
An example of these constructions is provided by the ad 
hoc geometrical prescriptions given by Karplus, Sommer- 
field and Wichmann [Phys. Rev. (2) 114 (1959), 376- 
= MR . #4024] for finding anomalous thresholds. 

conclusion the form of the leading singularity is 
discussed. J.C. Polkinghorne (Cambridge, England) 


1364: 
Bialynicki-Birula, I. Lee model and the local field 
theory. Nuclear Phys. 12 (1959), 309-313. 
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The author points out that the well known “ghost 
trouble” in the Lee model [T. D. Lee, Phys. Rev. (2) 95 
(1954), 1329-1334; MR 16, 317; G. Kallén and W. Pauli, 
Danske Vid. Selsk. Mat.-Fys. Medd. 30 (1955), no. 7; 
MR 17, 727] is very intimately connected with the special 
selection rules one has in this model. Therefore, a slight 
modification of the interaction can very well radically 
change the situation. In particular, it is an open question 
whether or not similar problems exist in more realistic 


field theories. G. Kallén (Lund) 
1365 : 
Scarf, F. L. Equations of motion for renormalized 


fields. Nuovo Cimento (10) 14 (1959), 849-855. 
summary) 

Author’s summary: “Solutions to conventional equa- 
tions of motion are generally well-defined only in the 
‘wrong’ Hilbert space with all antiparticle states filled. 
The meaningful quantity which can be renormalized is a 
Wick product of some functional of the physical particle 
operators. When the field theory has infinite wave func- 
tion renormalization, there is no direct connection between 
the two representations for the field operators. An example 
is given for which the two forms have different space-time 
developments.” E. J. Verboven (Utrecht) 


(Italian 


1366: 

Kallén,G. Selected in renormalization theory. 
Nuovo Cimento (10) 14 (1959), supplemento, 105-130. 

These lecture notes give a clear and interesting account 
of second quantization, vacuum polarization by an 
external field, the Lee model, and some features of 
renormalization in quantum electrodynamics. 

J.C. Polkinghorne (Cambridge, England) 


1367 : 

Medvedev, B. V.; Polivanov, M.K. A spectral condition 
as a method of renormalization. Dokl. Akad. Nauk SSSR 
127 (1959), 537-540 (Russian); translated as Soviet 
Physics. Dokl. 4 (1960), 829-832. 

In the well-known model of a field theory introduced by 
T. D. Lee [Phys. Rev. (2) 95 (1954), 1329-1334; MR 16, 
317] one has three kinds of particles, V-particles, N- 
particles and 6-particles, and an interaction between them 
with rather special selection rules. The model can be more 
or less explicitly solved and one finds that if the renormal- 
ized coupling constant is larger than a certain critical 
value, the mass spectrum of the model contains an 
anomalous state which formally carries a negative 
probability [G. Kallén and W. Pauli, Danske Vid. Selsk. 
Mat.-Fys. Medd. 30 (1955), no. 7; MR 17, 727). The size 
of the critical coupling constant depends in a very essential 
way on a cut-off function which is introduced in the 
interaction. In a recent paper P. Redmond [Phys. Rev. 
(2) 112 (1958), 1404-1408 ; MR 20 #6289] suggested a new 
approximation scheme in field theory where the con- 
ventional perturbation theory expansion is modified in 
such a way that certain sub-groups of diagrams are 
summed exactly while others are neglected. The approxi- 
mation is done in such a way that one is guaranteed to 
have the correct analytical behaviour of the propagators 
(no ghost states). In the present paper the authors investi- 
gate the consequences of this approximation scheme for the 
Lee model where the exact solution is known. They show 
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that “Redmondization” in this model simply means that 
one deletes the contribution from the ghost state in the 
V-particle propagator. They further show that this pro- 
cedure is exactly equivalent to a replacement of the 
original form factor in the Hamiltonian by a modified 
form factor. This new cut-off function is such that the 
critical value of the coupling constant becomes 

than the renormalized coupling constant and therefore 
no ghost state appears. G. Kdllén (Lund) 


1368: 

Haag, R. The framework of quantum field theory. 
Nuovo Cimento (10) 14 (1959), supplemento, 131-152. 

This is a review paper based on the lectures given by the 
author at the Varenna Summer School in 1958. It con- 
tains a discussion of some of the basic principles of 
quantized field theories, in particular, invariance pro- 
perties, spectral conditions and asymptotic conditions. 
Perhaps the most interesting part of the paper is the 
author’s discussion of the asymptotic properties of the 
fields. Instead of investigating the limits of the field for 
large values of the time the author is more interested in the 
asymptotic properties of space averages of the fields over 
regions which are widely separated. His procedure can be 
summarized in the following way. Introduce a i 
field C(x)=f f(x—y)A(y)dy where f is a suitable test 
function and A(z) the field operator. In contrast to the 
field operators themselves which are distributions these 
averages O(z) are conventional functions and have a mean- 
ing at a given space time point z. The author then intro- 
duces truncated vacuum expectation values by the 
recursion formula 


<0|C(a1)- - -C(xn)|0> = (Clas)-- 
(C(z))x = <O|C(x)|0>. 


The sum in the first equation runs over all possible 
groupings of the » points 2,---,2%,. The author then 
postulates the following asymptotic condition for the 
fields : 

im R(C(x)-- -C(xn))r = 0, 


for any power m if the times x10, - - -, Zno are equal and if R 
is the smallest space separation between the points 2. 
The author then tries to prove the more conventional 
asymptotic properties of the fields for large absolute 
values of time from his asymptotic condition in space. 

G. Kallén (Lund) 


1369: 

Wightman, A. 8S. Vacuum expectation values and 
analytic functions. Nuovo Cimento (10) 14 (1959), sup- 
plemento, 192-196. 

This is a review paper based on the lectures given by the 
author at the Varenna Summer School in 1958. It con- 
tains a discussion of the exact mathematical definition of a 
field in terms of distribution theory. The author takes 
some care to discuss also such intricate mathematical 
points as the domain of existence of the operators. He 
then goes on with a discussion of the analyticity pro- 
perties of vacuum expectation values including the impli- 
cations of local commutativity. The style of the review is 
extremely condensed and the paper is rather hard reading 
for those who are not already experts in this field. 

G. Kallén (Lund) 
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1370: 

Tonin, M. Quantization of the two-component fermion 
theory. Nuovo Cimento (10) 14 (1959), 1108-1119. 
(Italian summary) 

L. M. Brown’s version [Phys. Rev. (2) 111 (1958), 
957-964; MR 20 #6298] of the two-component spinor 
theory satisfying a second order wave equation is quan- 
tized. The corresponding graphical rules for electro- 
dynamics are obtained and found to be of the expected 
form. J.C. Polkinghorne (Cambridge, England) 


1371: 

Tzou, Kuo-Hsien. Interactions des champs en “images 
@inversion”. C. R. Acad. Sci. Paris 250 (1960), 668-670. 

Résumé de l’auteur: “On propose des interactions des 
champs localisés aux coordonnées différentes qui sont 
images les unes des autres par rapport a certaines inver- 
sions, en particulier CPT et M. On montre comment 
déduire la forme particulitre V-A des interactions 
universelles de quatre fermions.” 


1372: 

Tzou, Kuo-Hsien. Interactions 4 “images d’inversion” 
par rapport 4 PM et CT. C. R. Acad. Sci. Paris 250 
(1960), 995-997. 

Résumé de l’auteur: “On propose des interactions de 
fermions & ‘images d’inversion PM ou CT’ et l’on étudie 
les conséquences de l’invariance d’image de ces interac- 
tions.” 


1373: 

Rubinowicz, A. +%Quantentheorie des Atoms. Johann 
Ambrosius Barth Verlag, Leipzig, 1959. vii+486 pp. 
DM 31.80. 

This is a German translation of a textbook in Polish 
after lectures given by the author. It contains two parts, 
one giving a survey of the old quantum theory with 
applications, the other one treating quantum mechanics. 
According to the preface, the author wants to stress the 
historical development and this is why he used 151 pages 
out of 486 for part one. Part two contains basic quantum 
mechanics, both non-relativistic theory (4 chapters), the 
Dirac equation (1 chapter) and quantum field theory 
(1 chapter). Except for the hydrogen atom, there are 
however very few applications of quantum mechanics to 
atoms. Since the name of the book is “Quantentheorie 
des Atoms” it would perhaps have been appropriate to 
show what modern quantum mechanics has actually 
achieved in atomic theory up to now. The author index 
looks rather strange to a Western reader. Names such as 
Hartree, Slater and Boys are missing. Hylleraas is men- 
tioned, but without any description of his work. There is 
no reference to Condon and Shortley, The theory of atomic 
spectra [Cambridge Univ. Press, Cambridge, 1935], which 
is the standard textbook in this field. 

P.-O. Léwdin, J.-L. Calais (Gainesville, Fia.) 


1374: 

Bates, D. R.; Lynn, N. Electron capture of the acci- 
dental resonance type. Proc. Roy. Soc. London. Ser. A 
253 (1959), 141-153. 

It is demonstrated that accidental resonance rearrange- 
ment collisions are quite different in character from 
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symmetric resonance collisions, the cross section in the 
former case tending to zero as the relative velocity de- 
creases. Explicit formulas are given for the cross section 
corresponding to two different models of the process. An 
impact parameter description is employed. 

A. Dalgarno (Belfast) 


1375: 

Léwdin, Per-Olov. Generalizations of the Hartree-Fock 
scheme. Ann. Acad. Reg. Sci. Upsal. 2 (1958), 127-135. 

Several generalizations of the conventional Hartree- 
Fock scheme for many-electron systems are considered. 
In the unrestricted Hartree-Fock method different orbitals 
are used for electrons of different spin. Some allowance is 
thereby made for spin-polarization effects, but the total 
wave function no longer represents a pure spin state. In 
the extended Hartree-Fock scheme projection operators 
are used to derive a pure spin state before minimizing the 
energy with respect to orbital variations. A limit degree of 
correlation between the motions of the electrons is implicit 
in the latter scheme. A. C. Hurley (Melbourne) 


1376: 

Jones, Walter D.; Brooks, F. L., Jr. Evaluation of one- 
center electron repulsion integrals between certain s-type 
atomic orbitals. J. Chem. Phys. 32 (1960), 124-126. 

Authors’ summary: “A general formula is derived for 
one center s-type electron repulsion integrals for the set 
of basic atomic orbitals which involve the complete set 
of associated Laguerre functions of order (2/+1) and 
degree (n+1+1) with a single orbital exponent.” 

A. C. Hurley (Melbourne) 


1377: 

McWeeny, R. The density matrix in many-electron 
quantum mechanics. I. Generalized product functions. 
Factorization and physical interpretation of the density 
matrices. Proc. Roy. Soc. London. Ser. A 253 (1959), 
242-259. 

Many electron wave functions are usually expressed in 
terms of determinants of orthonormal orbitals and energy 
calculations are based on the matrix element expressions 
of Slater [Phys. Rev. (2) 38 (1931), 1109-1144]. In this 
paper, the orbitals are replaced by group functions each 
describing any (fixed) number of electrons. Subject to an 
extended orthonormality condition, it is shown that the 
density matrices for the total system described by such 
generalized product functions may be expressed in terms 
of the density matrices of the component electron groups 
and hence the total energy expression may be analysed 
into contributions analogous to the usual “‘coulomb”’ and 
“exchange” terms. A. OC. Hurley (Melbourne) 


1378: 

Castillejo, L.; Percival, I. C.; Seaton, M. J. On the 
theory of elastic collisions between electrons and hydrogen 
atoms. Proc. Roy. Soc. London. Ser. A 254 (1960), 
259-272. 

Authors’ summary: “A hydrogen atom in the ground 
state scatters an electron with kinetic energy too small 
for inelastic collisions to occur. The wave function ’(r:, r2) 
of the system has boundary conditions at infinity which 
must be chosen to allow correctly for the possibilities 


& 


= 
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of both direct and ex scattering. The expansion 
Y=), ¥, (r1)F,(r2) of the total wave function in terms of 
a complete set of hydrogen atom wave functions %,(r1) 
includes an integration over the continuous spectrum. 
It is shown that the integrand contains a singularity. The 
explicit form of this singularity and its connexion with 
the boundary conditions are examined in detail. The 
symmetrized functions ‘Y+ may be represented by expan- 
sions of the form 


+ 


where the integrand in the continuous spectrum does not 
involve singularities. Finally, it is shown that because all 
the states y, of the hydrogen atom are included in the 
expansion, the equation satisfied by F'1, the coefficient of 
the ground state, contains a polarization potential which 
behaves like —«a/ar* for large r and is independent of the 
velocity of the incident electron.” 


A. CO. Hurley (Melbourne) 


1379: 

Holmberg, Bengt R. On the elimination of the bary- 
centric and rotational co-ordinates in a nuclear “shell- 
model”. Kungl. Tekn. Hégsk. Handl. Stockholm. No. 
145, 28 pp. (1959). 

The elimination of barycentric and rotational coordin- 
ates in a many-Fermion system by use of successive 
canonical transformations is discussed. Presumably the 
ultimate goal of any theory of collective variables is a 
sound and practical calculation of the inertial parameters, 
such as the moment of inertia, but this’ question is not 
discussed by the author. Furthermore, the coordinate 
transformations chosen do not treat all the particles 
symmetrically and it therefore seems that the anti- 
symmetrization procedure described by the author would 
be difficult to use in practice. 

K. Gottfried (Cambridge, Mass.) 


1380: 
Shull, Harrison. Correlation energy in the 
molecule. Ann. Acad. Reg. Sci. Upsal. 3 (1959), 65-74. 
It is shown that the correlation energy of the hydrogen 
molecule may be analysed into various terms which are 
closely related to the united atom approach. The bond 
can be described as roughly 98.4% 2g, 1.0% Xu, and 
0.5% TI in character. A. C. Hurley (Melbourne) 


1381: 
Burkhardt, Hugh. Elementary-particle physics. Amer. 
J. Phys. 28 (1960), 202-212. 
A very concise and elementary review of basic facts of 
ordinary quantum mechanics and pee energy physics. 
P. Roman (Manchester) 


1382: 
Ezawa, Hiroshi; Umezawa, Hiroomi. Green’s functions 
for meer particles. Phys. Rev. (2) 116 (1959), 463— 


_ objections by J. D. Harris [Phys. Rev. (2) 112 
(1958), 2124-2126: MR 20 #7522) to previous work on the 
structure of Green’s functions of particles of arbitrary spin 
{H. Umezawa, field theory, North-Holland, 
Amsterdam, 1956 ; MR 20 #690] are discussed. In particular 
it is shown that Harris’s simpler expression for the form of 


Green’s function is due to the unjustified neglect of a 
term which contributes for z=0. 


J.C. Polkinghorne (Cambridge, England) 


1383: 
Fubini, 8. Meson phenomena. Nuovo Cimento (10) 
14 (1959), supplemento, 283-309. 

A series of lectures summarizing the fixed source 
approximation to pion-nucleon coupling. A clear deriva- 
tion is given of the main results of the theory for pion- 
nucleon scattering and photoproduction. The treatment is 
on a simple field-theoretical level and does not make use of 
dispersion theory. 8S. Deser (Waltham, Mass.) 


1384: 

Todorov, I. T.; Khrustalev, 0. A. representa - 
tions for some vertex parts. Nuclear Phys. 13 (1959), 
675-684. 

Authors’ summary: “Spectral representations for the 
amplitudes describing the decay of K-mesons and hyperons 
into two kinds of strongly interacting particles are derived. 
The singular integral equations for the amplitudes obtained 
in the ‘single-meson’ approximation are solved by the 
method suggested by Muskhelishvili.” Kdallén (Lund) 


1385: 

Barshay, Saul. Low-type integral equations for the ab- 
sorption and production of K mesons. Nuclear Phys. 13 
(1959), 435-446. 

Author’s summary : “A discussion is given of Low-type 
integral equations for approximate transition amplitudes 
which describe the processes K and 
K+ Y. Isobaric spin and angular momentum decomposi- 
tions of the equations are performed, and the resulting 
sets of integral equations for the various amplitudes are 
discussed with non-relativistic approximations for the 
interaction current operators. Certain assumptions are 
made with regard to the as yet unknown relative parities, 
coupling strengths, and scattering properties of the strange 
particles, in a preliminary effort to utilize the field 
equations as a model for correlating certain features of 
the present experimental data on the absorption of low- 
energy K~ mesons by protons.” 

S. Deser (Waltham, Mass.) 


1386: 

Nilsson, Jan. The three-body K-meson decay. Nuclear 
Phys. 14 (1959/60), 639-647. 

A covariant kinematical analysis of the three-body 
leptonic decay of a K-meson is carried out explicitly. The 
differential spectrum is computed including all polariza- 
tion correlations. The covariant definition of spin a the 
simple connection of this definition with the structure of 
Lorentz transformations for a Dirac particle are discussed 
in an elegant manner. 

E. C. Sudarshan (Rochester, N.Y.) 


1387 : 

Costa, G.; Feld, B. T. Mesons and the structure of 
nucleons. III. Pion-nucleon scattering. Ann. Physics 9 
(1960), 354-372. 

[For part II, see Feld, same Ann. 4 (1958), 189-232; 
MR 20 #5058.) 
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In this low-brow but elegant approach to pion-nucleon 
scattering, the physical nucleon is given a structure 
involving a nucleon-like core and a pion in a bound state, 
but pions are treated as structureless particles. A short 
range potential is postulated between a pion and the core. 
The problem of pion-nucleon scattering now becomes a 
simple three-body scattering problem quite similar to the 
scattering of electrons by a hydrogen atom. This model 

is shown to reproduce the well-known (3, 3) resonance 
but differs from the results of Chew and Low [Phys. Rev. 
(2) 101 (1956), 1570-1579; MR 21 #1858} in the details 
regarding the small phase shifts ; it is asserted that these 
differences are in the direction of improving the agreement 
with experiment. An earlier paper in this series by Feld 
[same Ann. 1 (1957), 58-76; MR 20 #3728] dealt with the 
application of such a model to the static properties of the 
physical nucleon. £.C.G. Sudarshan (Rochester, N.Y.) 


1388: 

Kazes,E. Meson in the static charged-scalar 
theory. Nuovo Cimento (10) 14 (1959), 74-80. (Italian 
summary) 

Single meson production amplitudes in a static charged 
scalar theory are studied and the integral equation which 
they satisfy is written down. In the one-meson approxima- 
tion this integral equation reduces to an improper Rie- 
mann-Hilbert boundary problem and is solved in closed 
form using the method of Musheliivili [Singular integral 
equations, Noordhoff, Groningen, 1953 ; MR 15, 434]. 

E.C. G. Sudarshan (Rochester, N.Y.) 


1389: 

Cassels, J. M. Weak interactions of fermions. Nuovo 
Cimento (10) 14 (1959), supplemento, 328-339. 

This is a readable review of the experimental status of 
weak interactions of the non-strange particles as of 1959. 
A number of critical experiments and their respective 
roles in establishing the V-A universal interaction are 
discussed briefly ; theoretical predictions are stated rather 
than derived. This paper serves as a useful introduction to 
the paper reviewed below. 

E. C. G. Sudarshan (Rochester, N.Y.) 


1390: 

Gatto, R. Present problems in the theory of weak inter- 
actions. Nuovo Cimento (10) 14 (1959), supplemento, 
340-368. 

This is an excellent review of the theoretical status of 
the theory of weak interactions. This paper critically 
discusses the successes and problems of the theory. The 
topics treated include: the choice of fields entering the 
“universal” interaction, the isotopic spin and strangeness 
selection rules, the hypothesis of an intermediate vector 
meson and the conserved current hypothesis, as well as 
the various attempts to calculate weak interaction matrix 
elements in the presence of strong interactions. 

E.C. G. Sudarshan (Rochester, N.Y.) 


1391: 
W. Gebundene Paare in Fermi-F! 
Z. Physik 156 (1959), 525-533. (English summary) 
Ziel der Arbeit ist den Einfluss eines “hard core” auf die 
Energie von gebundenen Paarzustinden in Fermi- 
Flissigkeiten zu untersuchen. Nach der Bardeen-Cooper- 


Schriefferschen Theorie der Supraleitung (und der Ver- 
allgemeinerung dieser Theorie durch N. N. Bogoljubov) 
ist es sehr wahrscheinlich, dass fiir diese Erscheinung das 
Vorhandensein einer Energieliicke verantwortlich ist, 
deren Auftreten durch attraktive Teile der Wechsel- 
wirkung begiinstigt wird. Die erwahnte Theorie ist jedoch 
in den Fallen nicht anwendbar, in denen ein hard core 
vorliegt, also auf die Kernmaterie oder auf das (nicht 
superfiuide) He*. Eine einfache Kombination der Brueck- 
nerschen Methode (Einfiihrung einer sogenannten K- 
Matrix an Stelle des Potentials) zur Behandlung des hard 
core und der erwahnten Theorie ist ebenfalls nicht 
méglich. Wahrscheinlich hingt jedoch das Vorhandensein 
einer Energieliicke mit dem Auftreten von Singularitaten 
in der K-Matrix zusammen und deshalb wird in der vor- 
liegenden Arbeit die Frage untersucht, wie sich der hard 
core auf die Existenz von Singularitaten auswirkt. 

In zwei Abschnitten werden die Lésungen der Bethe- 
Goldstoneschen Gleichung (welche die Definition der 
K-Matrix enthalt), ohne und mit hard core untersucht. 
Im letzteren Fall erhalt man eine Integralgleichung. Fiir 
Kernmaterie kann man einige Naherungen einfiihren und 
leitet dann mit Hilfe einer komplexen Integration das 
Resultat ab, dass gebundene Paare in der Kerntheorie 
tatsichlich existieren kénnen, jedoch nicht in dem He’, 
das ja bekannterweise tatsachlich nicht superfluid wird. 
Zum Schluss wird noch der Zusammenhang der erhaltenen 
Ergebnisse mit der Theorie der Supraleitung besprochen. 

T. Neugebauer (Budapest) 


1392: 

Lee, B. W.; Klein, A. Application of the Chew-Low 
formalism of multi-channel reactions. Nuovo Cimento 
(10) 13 (1959), 891-908. (Italian s ) 

The authors consider the field theoretic model defined by 
the Hamiltonian: 


H = Ho+gH1, 


He dp(p? + 


Hy = dp'as*(p) Pulp, 


where a, is the usual field operator for the particle in the 
Ath channel and G, is the Ath energy level of the source. If 
the assumption is made that V,,(p, p’) is factorable into 
v,(p)v,.*(p’) it is then possible to derive a Low type integral 
equation and to obtain a unique solution to this equation. 
The resulting scattering matrix is then analyzed so that 
narrow resonances both for elastic and inelastic scattering 
are exhibited. The resonances occur at energies close to the 
eigenvalues of the Hamiltonian in which the coupling 
among channels has been turned off. The extension of the 
method to non-factorable potentials is indicated. 

H. Feshbach (Cambridge, Mass.) 


1393: 
Brenig, W. Two particle approximations of the 
problem. Il. Nuclear Phys. 13 (1959), 333-349. 
The method developed by the author in an earlier paper 
[Nuclear Phys. 4 (1957), 363-374; MR 19, 711] is extended 
to a treatment of scattering processes. A justification is 
given of the use of the optical model in the low-energy 


region. The scattering formalism is developed in such & 


way that the Pauli principle is satisfied at all stages of the 
discussion. It is shown that the usual Brueckner method 
includes already the influence of deviations of the momen- 
tum distribution of the target nucleus from the perfect 
gas distribution. It is also shown that if three-body inter- 
actions may be neglected, the optical potential may be 
calculated from the one-particle excitations alone. In this 
formulation of the theory of nuclear reactions the con- 
nection between the shell model and the compound 
nucleus model is explicitly shown. D. ter Haar (Oxford) 


1394: 

Girardeau, M. Weak-coupling expansion for the ground- 
state of a many-boson system. Phys. Rev. (2) 
115 (1959), 1090-1094. 


The “pair theory” of many boson systems [M. Girardeau 
and R. Arnowitt, Phys. Rev. (2) 113 (1959), 755-761] is 
used to obtain a weak coupling expansion for the ground 
state energy. The expansion is in the parameter A= »(0)/a 
(where a is the range of the potential v(r) and »(k) is the 
Fourier transform of v(r)). The analysis is done by starting 
with the zeroth order Bogolyubov solution [N. N. 
Bogolyubov, Acad. Sci. USSR J. Phys. 11 (1947), 
23-32; MR 9, 168] and iterating the integral equations of 
the pair theory. The results for the ground state energy 
are rigorous to order A® (since the “triad” and “quartet” 
contributions to the Hamiltonian neglected by pair 
theory give only A’/2 contributions). The value obtained 
is of interest in that the conventional Rayleigh-Schroe- 
dinger perturbation theory diverges in third order. The 
divergence is due to the fact that the weak coupling 
expansion is really non-analytic in A (containing A5/2, 
7/2, ..- terms) and hence the ground state energy cannot 
be expanded in integral powers of A. The rigorous result 
here shows what prescription is necessary to render the 
divergent perturbation theory A term finite. 

The phonon excitation spectrum is also discussed in the 
weak coupling expansion. It is shown that the pair theory’s 
unphysical energy gap at zero momenta is of the same size 
as the contribution of the triad terms to the phonon energy. 
Thus the gap might be canceled when triad and quartet 
contributions are correctly included. 


R. Arnowitt (Syracuse, N.Y.) 


1395 : 

Bogolyubov, N. N. The compensation principle and the 
self-consistent field method. Uspehi Fiz. Nauk 67 (1959), 
549-580 (Russian); translated as Soviet Physics. Uspekhi 
2, 236-254. 

In this paper the author discusses in detail the methods 
which he and his collaborators have developed especially 
to deal with superconductivity. He discusses first of all 
the method of the compensation of dangerous diagrams. 
He then considers the relation between that method and 
the self-consistent field method. The question of whether 
or not it makes a difference to work in a system with a 
fixed number of particles, and the difference between a 
system with a fixed number of particles and one without 
this restriction is discussed. Finally, the questions of 
collective oscillations and of the electrodynamics of the 
superconducting state are considered. 

D. ter Haar (Oxford) 


1394-1400 


1396: 

Solov’ev, V. G. The equation for the wave function of 
an J -particle system in the many-body problem. Dokl. 
Akad. Nauk SSSR 126 (1959), 755-758 (Russian); trans- 
lated as Soviet Physics. Dokl. 4, 631-635. 

A method due to Bogolyubov [#1395 above] is used to 
discuss for the many-fermion case how one can obtain 
N-body correlation functions. D. ter Haar (Oxford) 


1397: 

Arvieu, Robert; Vénéroni, Marcel. Quasi-particules et 
états collectifs des noyaux sphériques. C. R. Acad. Sci. 
Paris 250 (1960), 992-994. 

Résumé de |’auteur : “En vue d’applications aux noyaux 
on utilise une méthode analogue a celle employée par 
Bogoliubov dans |’étude des excitations collectives d’un 
état superconducteur. On obtient un hamiltonien tenant 
compte des corrélations de paires et susceptible de décrire 
les modes collectifs d’un systéme de fermions en inter- 
action dans un potentiel moyen sphérique.” 


RELATIVITY 
See also 1298. 
1398 : 
Terrell, James. Invisibility of the Lorentz contraction. 


Phys. Rev. (2) 116 (1959), 1041-1045. 

The appearance of a rapidly moving object to a station- 
ary observer or camera is discussed, and it is shown that, 
because the light falling at any instant on the retina or 
photographic plate was not emitted from the object 
simultaneously in the observer’s frame of reference, the 
expected Lorentz contraction would not be seen. Instead 
of a contraction, an apparent rotation of a meter stick 
would be seen, and a sphere would remain spherical. The 
author shows that the Lorentz transformation is conformal 
in the angles of observation and so an image of a moving 
object, if it subtends a sufficiently small angle, will be 
rotated and magnified only. OC. A. Hurst (Adelaide) 


1399: 

Halbwachs, Francis. Sur le mouvement classique du 
rotateur relativiste. C. R. Acad. Sci. Paris 249 (1959), 
2293-2295. 

The author introduces a tetrad of vectors and studies 
properties of a classical relativistic particle with spin in 
terms of the behavior of this tetrad. Two of the vectors 
of the tetrad are related to the four-velocity vector and 
the proper angular momentum of the particle. 

fy A. H. Taub (Urbana, Til.) 


1400: 

Halbwachs, Francis. Intégration du mouvement du 
rotateur de Nakano. C. R. Acad. Sci. Paris 249 (1959), 
2500-2502. 

The author discusses various properties of vectors 
associated with the description of a classical particle with 
intrinsic angular momentum when the following additional 
assumptions are made: (1) the transform of the four- 
velocity vector by the antisymmetric tensor is assumed 
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to be proportional to the acceleration vector; (2) the 
scalar product of the momentum vector and the accelera- 
tion vector vanishes. Included in the results obtained is 
the fact that the spin vector is a constant vector under the 
above assumptions. A. H. Taub (Urbana, Til.) 


1401: 

Bertotti, B. Uniform electromagnetic field in the theory 
of general relativity. Phys. Rev. (2) 116 (1959), 1331- 
1333. 

A cosmological solution of the Einstein-Maxwell 
field equations, corresponding to the case of a uniform 
(that is, covariant constant) electromagnetic field, is 
derived by means of simple geometrical arguments; the 
Riemannian manifold it corresponds to is the product of 
two ordinary surfaces of constant curvature, whose type 
and radius depend on the values of the cosmological 
constant and the invariants of the electromagnetic field. 
The world-lines of charged test particles have also a very 
simple geometrical meaning. 

D. W. Sciama (Ithaca, N.Y.) 


1402: 

Fronsdal,C. Completion and em of the Schwarz- 
schild solution. Phys. Rev. (2) 116 (1959), 778-781. 

An analytic manifold is found, the most important 
properties of which are that it is complete and that it 
contains the manifold of the Schwarzschild line element. It 
is thus the complete analytic extension of the latter. The 
manifold is represented as a Riemannian surface in a six- 
dimensional pseudo-Euclidean space. The subspace dp = 
d@=0 is visualized as a two-dimensional Riemannian 
surface in a 3-dimensional hyperplane in the six-dimen- 
sional space. Although the manifold admits groups of 
motion isomorphic to the real 3-dimensional rotation 
group and the one-dimensional translation group, it is 
impossible to introduce a global time-coordinate in such a 
way that the latter is realized as translations in time. 
Hence in any global set of coordinates the gravitational 
field is nonstationary, although it can be made stationary 
for r>1 to any desired approximation. The question of 
what happens to small test bodies reaching the Schwarzs- 
child critical radius is discussed. 

D. W. Sciama (Ithaca, N.Y.) 


1403: 

Buchdahl, H. A. General relativistic fluid spheres. 
Phys. Rev. (2) 116 (1959), 1027-1034. 

The first part presente a detailed analysis of — 
symmetric static matter distributions according to Ein 
stein’s gravitational field equations, yielding general 
inequalities which the parameters of such distributions 
must satisfy. In most of the paper the only limitation 
imposed on the parameters is that the density should not 
increase outwards (most previous work assumes density 
constant or of special functional form). Classical limits are 
discussed. Given certain assumptions, the second part 
gives a negative answer to the question whether the total 
energy radiated by a contracting spherically symmetric 
distribution exceeds its rest energy at complete dispersion. 

F. A. E. Pirani (London) 


RELATIVITY 


1404: 

Tulezyjew, W. Motion of mutipole particles in 
relativity theory. Acta Phys. Polon. 18 (1959), 393-409. 

The equations of motion of a test particle with non- 

multipole moments moving in a given gravita- 

tional field are derived in an elegant manifestly covariant 
manner. For a pole-dipole particle, the results agree with 
those of Mathisson [Proc. Cambridge Philos. Soc. 36 (1940), 
331-350; MR 2, 207] and Papapetrou [Proc. Roy. Soc. 
London. Ser. A 209 (1951), 248-258; MR 13, 695). 

Mathisson imposed the condition S,,v’=0 on the angu- 
lar momentum tensor S,, of a pole-dipole particle with 
4-velocity v’, but the resulting equations of motion are of 
second order and consequently not well-determined by the 
usual initial conditions, namely specification of position 
and velocity. The author proposes to replace Mathisson’s 
condition by the condition S,,p”=0 on the 4-momentum 
p” =mv’ + v,58”"/5s. The resulting equations are of first 
order {but it is not clear to the reviewer that they are 


independent}. F. A. E. Pirani (London) 
1405a : 

Kerr, R. P. The Lorentz-covariant approximation 
method in relativity. I. Nuovo Cimento (10) 13 
(1959), 469-491. (Italian summary) 
1405b: 

Kerr, R. P. On the Lorentz-covariant approximation 
method in relativity. II. Second ximation. 
Nuovo Cimento (10) 13 (1959), 492-502. (Italian sum- 
mary) 
1405c : 


Kerr, R. P. On the Lorentz-invariant approximation 
method in general relativity. II. The Einstein-Maxwell 
field. Nuovo Cimento (10) 13 (1959), 673-689. 
summary) 


(Italian 


Various perturbation methods have been developed for 
solving Einstein’s gravitational field equations. In Fok’s 
method [T'eoriya prostranstva, vremeni i tyagoteniya, 
Gosudarstv. Tehn.-Teor. Lit., Moscow, 1955; MR 18, 
445; English translation by N. Kemmer, Pergamon, New 
York, 1959; MR 21 #7042], the harmonic coordinate 
condition [(—g)!/2g’],,=0 is used, and sources of the field 
are represented by the energy-momentum tensor 7’. In 
the EIH method [A. Einstein, L. Infeld and B. Hoffmann, 
Ann. of Math. (2) 39 (1938), 65-100; A. Einstein and 
L. Infeld, Canad. J. Math. 1 (1949), 209-241 (1 plate); 
MR 11, 59], a different coordinate condition is used, and 
particles are represented by singularities of the field. The 
EIH method is a slow-motion method, time-derivatives 
being assumed small compared to space-derivatives. The 
connection between the two representations of particles, 
via delta-functions, has been indicated by L. Infeld 
[Acta Phys. Polon. 13 (1954), 187-204; MR 16, 531). 

In the first of the three papers under review, a pertur- 
bation method is developed which is more-or-less a hybrid 
between these two: the harmonic coordinate condition is 
used, but not the slow-motion approximation, and 
particles are represented hy singularities of the _ field. 
Seven of Fok’s ten energy-momentum integrals are found, 
and the others could also be found in the same way. The 
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RELATIVITY 


equations of motion of a pole-dipole particle are cal- 
culated to the first approximation, and in the second paper 
this is continued to the second approximation. The results 
agree with those of Corinaldesi and Papapetrou [Proc. 
Roy. Soc. London. Ser. A. 209 (1951), 259-268; MR 13, 
606), Mathisson [Acta Phys. Polon. 6 (1937), 163-200] and 
Lubanski [ibid. 6 (1937), 356-369). In the third paper the 
method is applied to the combined Einstein-Maxwell 
equations. F. A. E. Pirani (London) 


1406: 

Rayner, C. B. Le concept d’un mouvement rigide. 
Atti Accad. Naz. Lincei. Rend. Cl. Sci. Fis. Mat. Nat. (8) 
26 (1959), 478-483. 

For the case of a Riemannian space with a positive 
definite metric the distance of a point from a curve is 
defined as the lower limit of the lengths of all curves from 
the given point to the points of the curve. A congruence of 
curves is said to define a rigid motion if the distance from 
a point on any curve to any other curve is independent of 
the position of the point on its curve. It is shown that, 
with suitable assumptions of differentiability, one then 
obtains the equations given by others [e.g., N. Rosen, 
Phys. Rev. (2) 71 (1947), 54-58 ; MR 8, 411]. The modifica- 
tions necessary in the case of a hyperbolic metric are 
considered. N. Rosen (Haifa) 


1407: 

Davidson, W. Steady-state cosmology treated according 
to general relativity. Monthly Not. Roy. Astr. Soc, 119 
(1959), 308-324. 

The interpretation of steady-state cosmology according 
to general relativity, initiated by McCrea [Proc. Roy. Soc. 
London. Ser. A 206 (1951), 562-575; MR 12, 866], is 
extended by the investigation of internal and external 
metrics for the static superposition of a spherically 
symmetric mass concentration, or rarefaction, in a steady- 
state medium. 

It is found that a constant density po and negative 
pressure po( = — po) appear to constitute a natural state of 
relative stability for the steady-state medium. A static 
disturbance has the effect of countering cosmic repulsion, 
or intensifying it, according as it represents a concen- 
tration of mass, or a rarefaction, relative to the natural 
state. A mechanism for the creation of matter is presented 
by which the rate of creation is seen to be strongly depend- 
ent on local gravitational influence, being positive where 
the medium is expanding and negative (annihilation) 
where it is contracting. 

It is shown that in a disturbed medium the sign of 
the gravitational field depends on the local state of the 
medium, and in a rarefaction the density of inertia, in the 
Newtonian sense, is found to be negative. A theoretical 
basis for the relative stability of the natural state is 
indicated. D. W. Sciama (Ithaca, N.Y.) 


(1408: 


Stephenson, G. Generally covariant non-linear Lagran- 
gians. Proc. Cambridge Philos. Soc. 55 (1959), 375-376. 
The author considers which are scalar 
functions F(R) of the scalar curvature R, and performs the 


5+™.n. 23 


1406-1411 


variation in the Palatini manner. The resulting field 
equations are 


(1) = 
Contracting (1) gives 

(2) RF'(R) = 2F(R) 

which in general is only satisfied by certain constant 
values of R. 

The choice of the function F(R) is limited by the require- 
ments that (i) the resulting field equations suffice to 
determine all the unknowns and (ii) at least one of the 
roots of (2) is real. Examples of excluded functions are 


R*, n>2 (which does not satisfy (i)), and 1/(1+R*) 
(which does not satisfy (ii)). D. W. Sciama (London) 


0 and (F’(R)g)y = 0. 


1409: 

Husain, Saiyid Izhar. La radiation totale en théorie 
unitaire du champ d’Einstein. C. R. Acad. Sci. Paris 250 
(1960), 466-467. 

Résumé de l’auteur: “Définition de la radiation totale 
d’énergie en champ unitaire, et démonstration de la 
‘propriété de rayon’ pour la propagation du front d’onde 
de radiation.” 


Sup. (3) 76 (1959), 185-269. 
This paper is based chiefly on three books: (1) Mme. 
Tonnelat, La théorie du champ unifié d’ Hinstein et 
uns de ses [Gauthier-Villars, Paris, 1955 ; 
MR 17, 907]; (2) Lichnerowicz, Théories relativistes de la 
et de lV lectromagnétisme [Masson et Cie, Paris, 
1955; MR 17, 199]; (3) Hlavaty, Geometry of Hinstein’s 
unified field theory, [P. Noordhoff, Groningen, 1957; 
MR 20 #5067]. The author gives an exhaustive study of 
certain aspects of Einstein’s unified theory dealt with 
in the aforementioned books, and discusses also her own 
contributions concerning in particular the characteristic 
cones. The paper contains eight chapters and 46 sections. 
The titles of chapters could give an approximate picture 
of the main goal of the paper : I. Quelques généralitiés sur 
les connexions infinitésimales. II. Les bases de la théorie 
unitaire du champ d’Einstein. III. Connexions infinitési- 
males et théorie unitaire. (Interprétation géométrique du 
systéme des équations de liaison.) (L’espace fibré des 
corepéres affines.) IV. Les coordonnées isothermes. V. 
Conditions générales d’existence des solutions. (Analyse 
du systéme des équations du champ.) (Détermination 
compléte des variétés caractéristiques.) VI. Les éléments 
géométriques attachés & chaque point de V«. (Etude 
algébrique des relations qui tient les tenseurs dérivés du 
tenseur fondamental.) (Les trois cénes caractéristiques.) 
VII. Surfaces d’ondes gravitationnelles et électromag- 
nétiques. VIII. Le tenseur d’impulsion-énergie. For more 
details the reader should consider the paper under review. 
V. Hlavaty (Bloomington, Ind.) 


1411: 
Clauser, Emilio. Condizioni di integrabilité e moto di 
nell’ultima teoria unitaria einsteiniana. Atti 
Accad. Naz. Lincei. Nat. Gy} 
(1959), 498-505. 
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1412 ASTRONOMY 


The author assumes that the basic tensor g,,4#9,, of 
Einstein’s unified theory is of the form 


(la) Pru = 
and admits the usual Einstein expansion 


(1b) Jaw = Mut De (AP + (8)*oe 
Here 1, =, is the metric tensor (in canonical form) of 
special relativity, A is a parameter involved in t= Az, and 
a, 8 are constants. The field equations of the theory under 
consideration are supposed in the form (2) Ry») =9, (3) 
=0, (4) and 

Substituting from (1) into-(3) and (4) one obtains an infinite 
recurrent set S34 of compatible differential equations, the 
integrability conditions of which are satisfied. The 
substitution from (1) into (2) yields an infinite set S2 of 
recurrent differential equations analogous to those ob- 
tained by Einstein and Infeld [Canad. J. Math. 1 (1949), 
209-241 (1 plate); MR 11, 59). Hence the integrability 
conditions of the systems Sz, S34 obtained from (2)-(4) 
reduce to those of S;. The author shows that the integra- 
bility conditions of Sz; are analogous to those in the 
gravitational case. 

{Remarks of the reviewer: (I) For the kinematical des- 
cription of the motion by means of finite equations and 
without restriction imposed on g,,, see Hlavaty, Geometry 
of Einstein’s unified field theory, Noordhoff, Groningen, 
1957 [MR 20 #5067 ; cf. Chapter V]. (II) IfS,, is the torsion 
vector, then the author’s claim that S,,=0 is substantially 
but not rigorously equivalent to (4) is correct only if the 
symmetric part g™) of the tensor g” inverse to g,, is of 
rank less than 4 [see Hlavaty, loc. cit., p. 61]. (III) Approxi- 
mation methods (1b) applied to gp) lead to a distortion 
of the structure of gj) unless sufficiently high degree of 
approximation is adopted [see Hlavaty, loc. cit., XITT].} 

V. Hlavaty (Bloomington, Ind.) 


ASTRONOMY 
See also 1291, 1292, 1293, 1407. 
1412: 
Jean. numérique de calcul de 


perturbations au VIIIe satellite de 
Jupiter. Bull. Astr. 23 ash 1-89. (English, German 
and Russian summaries) 

This paper contains the first serious attempt at using 
the data obtained by a numerical integration of the 
equations of motion for constructing a general numerical 
theory as the solution of a problem in celestial mechanics. 
This approach has become practically significant only 
with the availability of high-speed computers. IBM 650 
and 704 were used. The method is applied to the motion of 
Jupiter’s eighth satellite, an example of the main problem 
of the lunar theory of exceptional difficulty on account of 
the large eccentricity, inclination and ratio of the mean 
motions of Jupiter and the satellite. The effects of the 
attraction by Saturn, of secondary importance, have not 
been considered. 

In the formal solution of the main problem of the lunar 
theory the linear elements (semi-major axis, eccentricity 
and inclination) are represented by cosine series; the 
angular elements (mean anomaly, argument of the peri- 
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gee, and longitude of ascending node) are represented by 
sine series augmented by linear functions of the time. The 
arguments of both sine and cosine terms are linear combi- 
nations with integral coefficients of four fundamental 
arguments. These infinite series are in general divergent ; 
it is known, however, that for a finite interval of time a 
finite sum of terms selected from these series can repre- 
sent the motion with any desired degree of accuracy. The 
problem considered consists of obtaining the periods of 
the fundamental arguments and the coefficients of the 
principal periodic terms from the data obtained by 
numerical integration. Although the numerical integration 
was performed in coordinates, the author 
prefers to deal with the elements which were calculated 
from the coordinates and velocity components for each 
step of the numerical integration. Among the advantages 
is the directness with which the periods of the fundamental 
arguments are obtained, necessarily by successive approxi- 
mations. The motion of Jupiter’s eighth satellite presents 
one of the difficulties foreseen in the theoretical discussion : 
the motion of the perijove is so small, with a period of 
revolution of the order of 25,000 years, that an approxi- 
mate linear relation exists among the motions of the 
fundamental arguments. This would lead to indeter- 
minateness of solutions based on numerical integration 
data that cover only 100 years. The escape from this 
difficulty is to ignore the motion of the perigee, which 
reduces the number of fundamental arguments to three. 
The selection of the more significant terms, the coefficients 
of which must be evaluated, is made primarily with the 
aid of Delaunay’s lunar theory as a guide. Even with the 
reduction to three fundamental arguments, the number of 
coefficients to be evaluated is so great that attempting the 
solution in a single operation is not feasible. The funda- 
mental argument / (=the mean value of the mean anomaly) 
is, therefore, separated off by interpolating the data for 
special values of / and analyzing separately for 1=0°,15°, 
-++, 345°. The numerical integration covers 48 periods of 
the satellite; 31 coefficients were finally selected. The 
problem is ultimately reduced to the solution of two 
groups of systems of 48 linear equations with 31 unknowns. 
Within each group the left-hand members of the equa- 
tions are identical; the total number of systems to be 
solved is 48. The analysis with respect to / is carried out 
subsequently. 

The comparison of the approximate theory so obtained 
with the numerical in tion and with observations 
shows that the theory yields 190” for the r.m.s. deviation 
in geocentric position, or about one-fifth of the r.m.s. 
deviation of the best analytical theory previously pro- 
duced. It is further shown that these deviations must be 
ascribed mainly to omitted terms, not evaluated by the 
process of harmonic analysis. 

The concluding sections (28-32) deal with a method of 
iteration in which the results obtained are used to com- 
pute the series that represent the right-hand members of 
the equations of the variations of the elliptic elements. 
The integration of these equations yields a new approxi- 
mation that includes additional terms. The agreement of 
the two results is satisfactory except for some coefficients 
that are affected by small devisors. 


The combination of the two procedures constitutes a 


new approach to the solution of problems in celestial 
mechanics that may well find further significant 
applications. D. Browwer (New Haven, Conn.) 
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ASTRONOMY 1413-1418 
1413: 1416: 

Schmeidler, F. Partikulire Integrale von Nité, M. M. On the motion of artificial satellites taking 
Gleich Astr. Nachr. 285, 58-64 (1959). into account the resistance of the medium. Rev. Méc. 


ungssystemen. 

Es wird die Frage untersucht, unter welchen 
ungen ein dynamisches System X = f(X), X= (a1, - 
spezielle Lésungen besitzt, die vorgegebenen 

der Form F,(X)=0, v=1, ---, m<n, geniigen. Unter der 
Voraussetzung der Existenz “hinreichend” hoher par- 
zieller Ableit der Funktionen F,, wird ein relativ 
einfach zu handhabendes Ergebnis erzielt. Seine Trag- 
fihigkeit wird an zwei klassischen Beispielen gezeigt: 
In wenigen Zeilen wird die Lagrangesche Liésung des 
Dreikérperproblems neu gewonnen, bei dem sich die 
Massen in den Ecken eines gleichseitigen Dreiecks be- 
finden. Ebenso wird die Existenz einer Klasse von 
Lésungen des ebenen Dreikérperproblems gezeigt, bei 
welcher die Apsidenlinien der beiden Planetenbahnen 
immer zusammenfallen, falls nur sikulare Sté 
beriicksichtigt werden. Diese Klasse enthalt die Poin- 
caréschen periodischen Lésungen zweiter Gattung als 
echte Teilmenge. K. Matthies (Columbia, 8.C.) 


1414: 

Lur’e, A. I. Equations of motion in the Kep- 
ler problem. Prikl. Mat. Meh. 23 (1959), 412-413 (Rus- 
sian); translated as J. Appl. Math. Mech. 23, 588-591. 

L’auteur retrouve ici, par une application directe de la 
méthode de la variation des constantes, les équations 
classiques de la théorie des perturbations d’un mouvement 
képlérien, lorsqu’on donne les composantes de la force 
perturbatrice sur le rayon vecteur OP, sur l’axe OQ per- 
pendiculaire 4 OP dans le plan du mouvement osculateur, 
et sur l’axe perpendiculaire aux précédents. On retrouve 
les formules données dans les ouvrages classiques, et par 
exemple, dans le petit volume de J. Chazy [Mécanique 
céleste, Presses Universitaires de France, Paris, 1953; 
MR 16, 1159; pp. 261 et sq.]. M. Janet (Paris) 


1415: 

Synge, J. L. On the behaviour, according to Newtonian 
theory, of a plumb line or pendulum attached to an artificial 
satellite. Proc. Roy. Irish Acad. Sect. A 60 (1959), 6 pp. 

Consider a spherical artificial satellite revolving around 
the Earth in a circular orbit, to which a pendulum is 
attached. Let an observer, moving with the satellite, use 
as his frame of reference an orthogonal triad of axes, with 
the origin moving slong the orbit—one axis being tangent 
to the orbit and one directed away from the Earth’s 
centre. In which direction, relative to this frame of 
reference, will the pendulum hang in relative rest as a 
plumb line; and which ones of these positions may be 
stable? What are, moreover, the periods of oscillations 
about the stable positions? 

The author’s quest for the answers to these questions 
reveals that there are altogether six such positions of 
equilibrium, in which the pendulum points forward and 
backward along the orbit, traversing to either side, and 
towards the Earth’s centre as well as away from it. Of 
these, however, only the last two are stable. The periods 
7 of oscillation about the latter are, moreover, equal to 
t9/+/3 and 79/2, respectively, where ro denotes the orbital 
periods of the artificial satellite around the Earth. 

Z. Kopal (Manchester) 


5*—a.n. 2p 


Appl. 8 (1958), no. 1, 57-76. 

The present paper reviews the general form of the equa- 
tions of motion of a mass-point in the gravitational field 
of a planet, perturbed by the presence of a homogeneous 
fluid medium exerting a linear drag (i.e., resistance pro- 
portional to the first power of the relative velocity of the 
moving point). The case of a non-homogeneous resisting 
medium, as well as the consequences of the variability of 
the mass of the satellite, are also qualitatively considered 
in the light of known results. Z. Kopal (Manchester) 


1417: 

Robe, H. Etude de l’orbite équatoriale d’un satellite 
artificiel dans l’hypothése d’un ellipsoide terrestre 4 3 axes 
inégaux. Bull. Soc. Roy. Sci. Liége 28 (1959), 207-221. 
(English summary) 

The Lagrange planetary equations for the perturbations 
of a body moving in a nearly inverse-square field are 
derived from the Hamilton-Jacobi equation for the case of 
a satellite confined to the equatorial plane of the main 
body. 

The disturbing function is then specified as that of a 
triaxial ellipsoid, up to second-degree spherical har- 
monics. The function is divided into three parts : first, per- 
turbations due to the difference between the polar axis and 
the longer of the two equatorial axes (the usual perturba- 
tions from the ellipticity of the planet); second, similar 
terms arising from the inequality of the two equatorial 
axes; third, terms which depend on the longitude of the 
longer equatorial axis. 

Perturbations from the third portion of the function 
include secular terms in the time of perigee passage and 
in the argument of the perigee, but none in the semi- 
major axis or the eccentricity. In addition, resonances are 
indicated in all elements for satellite periods of a day or 
simple fraction of a day. 

J. A. O’ Keefe (Chevy Chase, Md.) 


1418: 

Groves, G. V. Motion of a satellite in the earth’s gravi- 
tational field. Proc. Roy. Soc. London. Ser. A 254 
(1960), 48-65 

After a brief formal discussion of non-gravitational 
perturbations, general expressions are sought for the 
first-order perturbations in all the orbital elements arisi 
from spherical harmonics, both zonal and tesseral, of 
orders. The discussion starts from the Lagrange planetary 
equations, which are closely related to the canonical 
equations of Hamilton, and which reduce to them when 
the elements are canonical variables. The perturbing 
potential, U, is expressed as a trigonometric series in 
sums and multiples of three angles : the supplement of the 

ent of perigee ; the Greenwich Hour Angle of the 
node (which, in effect, gives the earth’s rotation relative to 
the orbit plane); and the mean anomaly. 

General expressions are then obtained for the 
derivatives of U (which correspond to the right-hand sides 
of the canonical equations) as trigonometrical expansions 
in the same three arguments. Particular consideration is 
given to what are called secular terms; among these the 
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1419-1424 


reader may be surprised to find terms which are long- 
period (sine and cosine of argument of perigee) rather than 
secular when account is taken of second-order terms. 

The paper is by far the most complete and orderly 
discussion thus far of the first-order perturbations arising 
from the higher harmcnics of the earth’s gravitational 
field. J. A. O’ Keefe (Chevy Chase, Md.) 


1419: 

Bertiau, F. C.; Roberts, P. H. Distribution of gravita- 
tional field at the center of globular and spherical clusters. 
Astrophys. J. 128 (1958), 130-138. 

The gravitational field due to random fluctuations in 
the stellar distribution is investigated. Earlier Chandrasek- 
har [Rev. Mod. Phys. 15 (1943), 1-89; MR 4, 248] has 
shown that if the stars—apart from the random fluctua- 
tions—are uniformly distributed over all space, the 
three-dimensional probability function W(F) of the 
gravitational field is given by the Holzmark distribution, 
and that for large fields this function tends to the form 
which is obtained if only the “nearest neighbours” are 
taken into account. 

In the present paper the condition of uniform distribu- 
tion over all space is removed. Two models are considered, 
one with a uniform distribution inside a sphere and one 
with a distribution governed by a three-dimensional normal 
distribution. Following Chandrasekhar the authors obtain 
at first the Fourier transform of the probability function 
and after that the probability function W(F) itself. The 
function W(F) is obtained as an integral of a series; if 
only the first term of the series is retained the formula 
reduces to the Holzmark distribution. Asymptotic for- 
mulae for large fields show that the nearest neighbour 
theory is still valid for large fields. On the other hand 
the deviation from the Holzmark distribution is most 
important for small fields. A graph shows the deviation 
from the Holzmark distribution in the center of a cluster 
consisting of 1000 stars distributed according to either of 


the two models considered. E. Injttkens (Uppsala) 
1420: 
Rabe, Eugene. On the formation of 


asteroids. Astrophys. J. 131 (1960), 231-240. 

From the author’s summary: “It is shown, on the basis 
of the energy integral of the lunar or stellar type of the 
three-body problem, that, in consequence of accreation and 
orbital friction relative to nebular matter, the development 
of dynamically unstable pairs of asteroid condensations 
into stable binary configurations would have been possible 
during the early formative period, before the dissipation 
of the solar nebula. Continued accreation and friction 
would have caused the components of such stable pairs 
to spiral in toward each other, until contact and the 
formation of one combined, rapidly rotating body was 
achieved.” J. Moser (Cambridge, Mass.) 


1421: 

Abhyankar, K. D. Stability of straight-line solutions in 
the restricted problem of three bodies. Astr. J. 64 (1959), 
163-169. 

The author has computed some orbits for the infinitesi- 


mal particle starting near the outer two of the three 
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equilibrium positions on the axis joining the two major 
particles. As predicted by the theory, these orbits are 
unstable and do not favour the accumulation of matter 
at these points. C. B. Haselgrove (Manchester) 


1422: 

Gould, Nancy L. Particle trajectories around close 
binary systems. Astr. J. 64 (1959), 136-139. 

Newtonian differential equations for the motion of a 
mass-point in the restricted problem of three bodies in the 
rotating frame of reference have been integrated numeric- 
ally on the University of California’s IBM 701 electronic 
computer, in order to follow the trajectories of particles 
ejected from the ian L-points as well as other 


. positions, with different velocities, from centrally-con- 


densed stars at their limit of stability. For most initial 
velocities as well as mass-ratios of the two finite bodies 
considered in this paper, a continuous ejection of particles 
should lead to the formation of a ring around one com- 
ponent rotating in the forward direction, or, for higher 
velocities, of a ring surrounding both components and 
rotating in the retrograde direction. It was also found that 
unless the star from which the material is ejected possesses 
a mass of one-fifth or less of that of its companion, the 
ejected particles would fall back on its following side. 

All results of numerical integrations on which these 
conclusions are based are presented graphically, with no 
tabulations given in this paper. Z. Kopal (Manchester) 


1423: 

Thiiring, B. Der Gravitations-Stoss. Astr. Nachr. 284, 
263-268 (1959). 

The author considers the interaction of two dynamical 
systems, each consisting of two mass-points (or spheres) 
of equal mass and describing circular (and co-planar) 
orbits of equal size around their respective centres of 
gravity. These systems are allowed to move through 
space, in the plane of the two-body orbits, in such a way 
that their centres of gravity will momentarily “collide”. 
The author’s aim has been to investigate the effects of such 
a “collision” on subsequent motion of the bodies. Four 
differential equations of second order, governing the 
motion of the entire dynamical system, have been inte- 
grated numerically to reveal that, although the four 
bodies concerned come at no time in actual physical 
contact, the dynamical interaction of the two systems 
exhibits some characteristics of the collision of rigid 
bodies: for after their close approach, the two systems 
part from each other in altered directions and with 
modified energies. 

Applications of this model of non-bodily collisions to 
mutual interpenetration of ra (spiral) nebulae 
are briefly considered. Kopal (Manchester) 


; des Strahlungs- 
austausches auf die Konvektion in einer polytropen At- 
mosphire. Z. Astrophys. 48 (1959), 231-248. (English 
summary 


ility is explored for an atmosphere 
modified by the radiative flux of heat from below and with 
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large density variation in the vertical. Machine computa- 
tions of the characteristic value problem determine the 
wavelength of the most unstable disturbances. 

W. V. R. Malkus (Woods Hole, Mass.) 


1425: 

Schipf, Hans-Georg. Zum Problem der Energie des 
Gravitationsfeldes. Ann. Physik (7) 5 (1959), 1-3. 

The author takes a special field and argues that gravi- 
tational waves contain no energy. Adapting the work of 
Marder [Proc. Roy. Soc. London. Ser. A 246 (1958), 
133-143; MR 21 #1886), he considers a thin toroidal shell 
containing standing gravitational waves, with flat space- 
time outside. He finds that 7,4‘ vanishes everywhere, 
including within the material of the shell. From this, and 
the flatness of the metric outside the torus, he concludes 
that the integral of Z,4* also vanishes, and the waves 


possess no gravitational energy. W.B. Bonnor (London) 


1426: 

Weber, J. Detection and generation of gravitational 
waves. Phys. Rev. (2) 117 (1960), 306-313. 

The author first treats a system of gravitating particles 
subject to non-gravitational interactions, and derives an 
equation similar to that of geodesic variation. He then 
considers a harmonic oscillator as a possible detector of 
gravitational radiation. Taking as a model two masses m 
on the end of a short spring, and making assumptions 
about the restoring and damping forces, he obtains the 

oscillator 


following equation for a freely-falling 


Here & is related to the relative positions of the particles, 
r to their separation in the limit of large damping, and 
R*,, is the Riemann tensor near the apparatus; D,“ and 
k.# are tensors associated with the spring. Eq. (1) suggests 
a means of measuring Rj.o by the power absorbed by the 
oscillator from an incident wave-field. 

The work is then developed to deal with the excitation 
of a continuous elastic medium by gravitational radiation ; 
this forms the theory for experiments, now in hand, to 
detect the radiation by the piezoelectric effect. 

Other matters discussed are (i) the effect of gravita- 
tional radiation on the rotation of the earth, and (ii) the 
laboratory generation of the waves by @ spinning rod and 


by stresses induced in a pi c crystal. 
W. B. Bonner (London) 


1427: 

Gliddon, J.E.C. Diffusion of ions in a static F2 
Quart. J. Mech. Appl. Math. 12 (1959), 340-346. 

The vertical diffusion of ions under the action of gravity 
and of a rate of electron loss that decreases exponentially 
with the height is considered. The latter condition corre- 
sponds to an attachment coefficient proportional to the 
local density of neutral molecules. The governing equation 
is transformed into one that corresponds to heat conduc- 
tion in a rod with a heat-source distribution and radiation 
from the lateral surface of the rod. The time-periodic 
solution for the electron density as a function of the height 
is formally obtained as an infinite series involving para- 
bolic functions. K.C. Westfold (Sydney) 


1428: 

Gliddon, J. E.€. Use of Green’s function in the solution 
of ionospheric diffusion Quart. J. Mech. Appl. 
Math. 12 (1959), 347-353. 

Author’s summary: “The mathematical analogy be- 
tween diffusion of ions in the ionosphere and heat con- 
duction in a rod is used to solve the problem of diffusion 
with an attachment-type law of electron loss. The solution 
for the case of a constant loss coefficient is obtained in 
terms of Green’s function for the semi-infinite conducting 
solid. For the case of a loss coefficient which decreases 
exponentially with height a generalized heat-source is 
derived and the problem is solved in terms of the corre- 
sponding Green’s function.” K. C. Westfold (Sydney) 


1429: 

Pitteway, M. L. V. The reflexion of radio waves from a 
stratified i modified by weak i ities. II. 
Proc. Roy. Soc. London. Ser. A 254 (1960), 86-100. 

In a previous paper [same Proc. 246 (1958), 556-569 ; 
MR 20 #2985] the author had derived an integral ex- 
pression which determines the wave scattered from weak 
irregularities when a plane wave is incident on the ionos- 
phere from below. These results are here applied to a 
model ionosphere in which the irregularities are specified 
by a Gaussian autocorrelation function and their average 
amplitude is taken as a function of the height. By 
averaging over assemblies the angular power spectrum 
is derived for the scattered field. The results of calculations 
made on EDSAC II are given in a series of curves for a 
model ionosphere in which the electron density is a function 
of the height and the average amplitude of the irregu- 
larities is proportional to the electron density. The 
collision frequency is taken as constant. A discussion is 
given of the possibilities of obtaining slow and rapid 
fading characteristics from forward and back scattering. 
Reflection-level enhancement is reconsidered, resulting in 
a possible explanation of the ‘spread-F’ phenomenon. 

K.C. Westfold (Sydney) 


GEOPHYSICS 
See also 1179. 


1430: 

Isaacson, Eugene. The calculation of flood waves. 
Symposium on the numerical treatment of partial dif- 
ferential equations with real characteristics: Proceedings 
of the Rome Symposium (28-29-30 January 1959) 
organized by the Provisional International Computation 
Centre, pp. 98-102. Libreria Eredi Virgilio Veschi, 
Rome, 1959. xii+158 pp. 

In this paper, the author is concerned with instability 
arising in the solution of the partial differential equations 
governing the one-dimensional flow of water in a long 
non-uniform channel, namely, 
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Four problems with different boundary and initial 
conditions have been attempted and allegedly satisfactory 
solutions obtained (there are no numerical or graphical 
results of any kind given). In determining these solutions, 
apparently arbitrary difference methods have been used, 
which the author could not justify. D.C. Gilles (Glasgow) 


1431: 

D. E. On submarine sand-waves and tidal 
lee-waves. Proc. Roy. Soc. London. Ser. A 253 (1959), 
218-241. 

This is a careful and interesting discussion of the 
mechanisms of generation of sand waves, with wavelengths 
from a few meters to several hundred meters, on the bottom 
of shallow seas swept by strong tidal currents. It is shown 
that the flow of a stratified inviscid fluid with shear 
results in neutral stability of these waves, so that there is 
no inherent first order rate of growth in a flat sandy bed 
with infinitesimal perturbations. The author then con- 
siders the effect of a small step, which in a stratified fluid 
stream results in the formation of lee waves which are 
shown to be capable of generating sand waves of the type 
observed. The stratification may be thermal in origin or, 
as is most likely the case in the North Sea, the result of 
suspended sediment. Application of the model to tidal flow 
in the summer thermocline over the Continental shelf west 
of Brittany shows that the shape of the observed sand- 
wave spectrum and the characteristic wavelengths can be 
accounted for satisfactorily. 

The reviewer believes this to be a valuable contribution 
to this difficult subject. O. M. Phillips (Baltimore, Md.) 


1432: 

Voit, 8. 8S. On the propagation of tidal waves on the 
surface of a rotating liquid.in the presence of boundaries. 
Dokl. Akad. Nauk SSSR 127 (1959), 764-767 (Russian) ; 
translated as Soviet Physics. Dokl. 4 (1960), 765-768. 

The equations needed to solve the problem described 
in the title are given and solved. A Kelvin wave and a sum 
of Poincaré waves are found for the solution. The solution 
is evaluated for the situation in which there is the Kelvin 
wave plus one Poincaré wave. The co-tidal lines, the curves 
of equal amplitude and the behavior at the amphidromic 
point are described and illustrated by two figures. 

W. J. Pierson, Jr. (New York) 


1433: 

Vantroys, L. Structure formelle attaché a l’équation du 
probléme des marées. Houille Blanche 14 (1959), 533- 
544. (English summary) 

The English summary of the paper describes it very 
well. This summary is given below. 

“After having made certain approximations, the tidal 
problem can be formulated as a second order hyperbolic 
partial differential equation in three variables, z, y, t. 
By substituting the associated complex function for a 
sinusoidal function of time, the variable ¢ is eliminated and 
an elliptic function is obtained. 

“A discussion of Cauchy’s problem in connection with the 
equation in its hyperbolic form enables the characteristic 
velocity +/ (gh) to be defined ; a kinetic consideration of the 
elementary solutions (sinusoidal waves) brings out the 


phase velocity and group velocity which are unbounded ; 
a treatment of these solutions from the standpoint of 
dynamics leads to the ‘dynamic velocity’ < +/(gh). 

“The solution of the boundary condition problem (the 
determination of the tide in an area S bounded by a con- 
tour when the generating potential is known in S and 
the reduction in level of normal current is known at every 
point of I), which is in general unique, can be sought by 
summing the elementary solutions, by using a Green 
function, by using Proudman auxiliary functions, or it can 
be obtained by the calculus of variations.” 

Kelvin, Poincaré-Sverdrup, and different types of 
Poincaré-Fichot waves are all treated. The problem of 
irregular boundaries is treated. 

W. J. Pierson, Jr. (New York) 


1435: 

Hunt, J. N.; Palmer, R.; Penney, William. Atmospheric 
waves caused by large explosions. Philos. Trans. Roy. 
Soc. London. Ser. A 252 (1960), 275-315. 

Atmospheric waves caused by large explosions are 
studied in connection with atomic explosions of varying 
intensity, the Krakatoa explosion and the great Siberian 
meteorite. Two types of explosions are found, and a large 
explosion at ground level is shown to excite a spectrum of 
both types. One group of traveling waves disappears into 
the upper atmosphere and the other travels along the 
ground for great distances. 

It is shown that many problems in this area are still 
unsolved. The theory sheds some light on some of the 
characteristic features of the observations of these 
atmospheric waves and permits an estimate of the size of 
the explosion. 

The digression on the great Siberian meteorite is very 
interesting. W.J. Pierson, Jr. (New York) 


1436: 

Gringorten, Irving I. Probability estimates of the 
weather in relation to operational decisions. J. Meteorol. 
16 (1959), 663-671. 

An ordinary weather forecast is couched as an informed 
guess as to what the weather will be. This naive manner 
of communication is inadequate to the varied uses to 
which the forecasts are put by the public. For example, 
neither “Rain” nor “Shine” can tell me that it would 
be prudent to water the lawn but to defer painting the 
barn. This paper speculates, from a decision theoretic 
standpoint, on the possibility of more sophisticated 
communication from the forecaster to the public. 

L. J. Savage (Ann Arbor, Mich.) 


1437: 

Sekerd-Zen’kovit, T. Ya. Particular solutions of the 
problem of propagation of a free incoming wave in a chan- 
nel of varying depth. Izv. Akad. Nauk SSSR. Ser. Geofiz. 
1959, 1460-1467. (Russian) 

The author studies the propagation of free oscillations in 


1431-1437 GEOPHYSICS 
1434: 
Cerkasov, V.S. Calculation of resonance oscillations of 
water in a.gulf. Izv. Akad. Nauk SSSR. Ser. Geofiz. 
1636-1645. (Russian) 
| 
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an infinitely long straight channel, of constant right- 
triangular cross-section, filled with a homogeneous fluid 


and undergoing uniform rotation about a vertical axis. 
Simple harmonic progressive waves along the length of 
the channel are obtained in the form 


= eV 2ky) cos (ka + ot), 


y being measured normal to the channel sides. { is the 
elevation of the free surface above its mean level and L, 
is the nth Laguerre polynomial with the integer n as a 
parameter. Wave speeds o/k and wavelengths 27/k are 
determined for all waves corresponding to the assignment 
of n=1, 2, ---, 5, a total of fifty waves altogether. 

J. F. Heyda (Cincinnati, Ohio) 


1438: 

BernStein, V. A. On the 
by convection in a shell on its bo with the mantle of 
the Earth. Izv. Akad. Nauk SSSR. Ser. Geofiz. 1959, 
1278-1295. (Russian) 


1439: 


Gos. Univ. Ud. Zap. Ser. Mat. Nauk 
34 (1958), 208-249. (Russian) 


1440: 

Keilis-Borok, V. I.; Monin, A. 8. waves 
and the bo of the core of the Earth. Izv. Akad. 
Nauk SSSR. Ser. Geofiz. 1959, 1529-1541. (Russian) 

The authors study the dispersion, damping, polarization 
and the conditions which create magneto-elastic plane 
waves. The discussion of differential equations shows that, 
when the intensity H of magnetic field increases, the 
damping first increases with H to a maximum, but then 
decreases and tends to zero. If H is very large, two kinds 
of waves are possible. 
they have both components, longitudinal and trans- 
versal, and their velocity is between those of longitudinal 
and transversal elastic waves. The waves of second kind 
are transversal and their velocity is proportional to H?. 
The data concerning the distribution of velocities of 
seismic waves in the zone between 0.55R and 0.58R 
(R—radius of the Earth) could be explained taking into 
account the magnetic field of the Earth. 


E. Kogbetliantz (New York) 


1441: 

Smith, R. A. On the depth of bodies producing local 
magnetic anomalies. Quart. J. Mech. Appl. Math. 12 
(1959), 354-364. 

Author’s summary: “Some inequalities relating to 
magnetism are proved and their relevance to the inter- 
pretation of local anomalies in the earth’s magnetic field is 
discussed. From observations of the resolved part, in any 
one direction, of the earth’s magnetic field, these in- 
equalities could be used to calculate (subject to certain 
hypotheses) a maximum possible value for the depth 
below the the top of the une 
netized body producing the anomaly.” 


A. Herzenberg (Manchester) 


OPERATIONS RESEARCH, ECONOMETRICS, GAMES 
See also A914, 1010, 1027. 
1442: 

Henn, R. Markowsche Ketten bei Wirtschaftsprozessen. 
Metrika 3 (1960), 61-73. (English summary) 

This is a brief discussion of the way in which Markov 
chains might be used to study economic problems. 
Examples discussed include population movements, the 
development of the national income, the trade cycles, 


and speculation. J. L. Snell (Hanover, N.H.) 
1443: 

Sargan, J. D. The estimation of economic relationships 
using instrumental variables. Econometrica 26 (1958), 
393-415. 


The author derives the asymptotic covariance matrix of 
the “instrumental variables” estimates of the coefficients 
in a linear equation when the instrumental variables are 
just sufficiently numerous and uses it to derive estimation 
procedures when there are too many of them. Two methods 
are used. In the first he minimises an arbitrary weighted 
sum of the error variances and covariances. The bias in 
the estimates is of order 1/7 where 7 is the “sample 
size” ; in small samples they depend on which coefficient is 
put equal to one, but they are independent of the weighting 
system. In the second approach he chooses the relationship 
as that corresponding to the least canonical correlation 
between the instrumental variables and those appearing 
in the equation. Since this correlation would be zero in the 
population if the model were correct, this suggests tests, 
based on the two smallest correlation coefficients, of the 
model itself and for multicollinearity. The estimates, 
which are the same as those yielded by the limited infor- 
mation, maximum likelihood method, are biased to the 
order 1/7’; the author quotes evidence that the bias may 
be large if 7’ < 20, especially if there are more than three 
or four instrumental variables, and suggests that least 
squares may be preferable i in such cases as long as there 
are no errors in the “independent” variables. 
Asymptotic confidence limits are found for the coefficients. 

It is assumed throughout that the “total” error—made 
up of the “disturbance” and the “measurement errors” — 
is uncorrelated both with the instrumental variables and 
with its own past values. W. M. Gorman (Birmingham) 


1444: 

Kimura, Hitosi. A remark on price analysis in Leon- 
tief’s open input-output model. Ann. Inst. Statist. Math., 
Tokyo 9 (1958), 201-214. 

A discussion of the effect of the choice of units in 
Leontief models. W. M. Gorman (Birmingham) 


1445: 

Rothwell, Doris P. Use | seasonal in 
price index construction. J. . Statist. Assoc. 53 
(1958), 66-77. 

Let p; be the price of the current month, q, the appro- 
priate seasonal weight, jo weighted annual average price 
in the base period. The index proposed is: > Peds] > Pode, 
where the summation is over commodities. It is claimed 
that this proposed seasonal index meets various logical 


and practical requirements. G. Tintner (Calcutta) 
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(ohne Beweise). Die Ergebnisse werden im 2. Teil zur 


1446: 
Roy, B. Les calculs d’actualisation dans le cas de 

durées aléatoires. Cahiers Centre Etudes Rech. 

No. 3 (1959), 35-46 


1447: 

Debreu, Gerard. «Theory of value: an axiomatic 
analysis of economic equilibrium. Cowles Foundation for 
Research in Economics at Yale University, Monograph 
17. John Wiley & Sons, Inc., New York ; Chapman & Hall, 
Ltd., London; 1959. xii+114 pp. $4.75. 

This monograph is an addition to the growing literature 
on the formal properties of general economic equilibrium 
models, intended to simulate the operation of a free market 
economy. Considerable progress has been made in recent 
years in clarifying the mathematical properties of such 
models. These efforts have led to the study of many 
intriguing and fascinating mathematical problems. How- 
ever, it is still an open question to what extent the solu- 
tion of these formal problems means a corresponding 
clarification cf how a free market operates in real life. The 
present monograph continues the work of others in the 
direction of formalizing and generalizing the model 
originally invented by Walras. The findings are presented 
in a compact mathematical form. The book should prove 
to be very useful to mathematicians who take an interest 
in economic theory. T. Haavelmo (Oslo) 


1448: 

Levitan, R. E. The reject allowance problem. 
Management Sci. 6 (1959/60), 172-186. 

The problem of producing a sufficient quantity of items 
to meet the requirements for items in perfect condition 
requires a balancing of the cost of overproduction against 
the cost of undersupply. The author constructs a mathe- 
matical model of this process and shows how to obtain 
optimal production policies under certain assumptions 
concerning the probability distribution for the production 
of defective items. R. EZ. Bellman (Santa Monica, Calif.) 


1449: 

Sasaki, Tsuna. On the of traffic flow ( 
Il). J. Operations Res. Soc. Japan 2 (1959), 60-79. 

This is a minor extension of the theory described in 
report-I [Kometani and Sasaki, same J. 2 (1958), 11-26; 
MR 21 #1905). In the previous theory the velocity of a 
(k+ 1)th car at time ¢ was chosen as a linear function of the 
spacing between the (k+1)th and kth cars as observed at 
time t—7'. The author now adds a new term to the 
equation proportional to the velocity of the kth car at 
time t— 7’. G. Newell (Providence, R.I.) 


1450: 
Wolff, Karl-H. Die in der kollek- 
tiven Risikotheorie. Skand. Aktuarietidskr. 1959, 14-35. 
Im 1. Teil werden spezielle Markov Prozesse diskutiert 


Diskussion der Abhangigkeit der Ruinwahrscheinlichkeit 
im Sinne der kollektiven Risikothecrie von der Verzinsung 
des Vermégens der Gesellschaft verwendet. 


OPERATIONS RESEARCH, ECONOMETRICS, GAMES 


W. Sazer (Ziirich) 
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1461: 
Marx, A. Some notes on 


debts. Mitt. 
Verein. Schweiz. Versich.-Math. 59 (1959), 307-328. 
(German, French and Italian summaries) 

Angabe einfacher rechnerischer Verfahren bei der 
Staffelung der Versicherungssumme beim Tarifierungs- 


dienst erhéhter Risiken. W. Sazxer (Ziirich) 
1452: 
Jecklin, Heinrich. Elementare betreffend 


Verbindungs- und Wherlebensrenten auf mehrere Leben. 
Mitt. Verein. Schweiz. Versich.-Math. 59 (1959), 217-226. 
(French, Italian and English summaries) 

Praktische Berechnung des Barwertes unsymmetrischer 
Verbindungsrenten auf mehrere Leben, deren Leistung 
von Umfang und Zusammensetzung der Ueberlebenden- 
gruppen abhangig ist, nicht aber von der Ablebensfolge 
mehrerer Versto rbener. W. Saxer (Ziirich) 


1453: 
Benjamin, 8. The theory of games and its 
to rate of interest. J. Inst. Actuar. 85 (1959), 373-437. 
The author applies the theory of games to the invest- 
ment and valuation problem of a life insurance company. 
The players are the life office and the market, the aim of 
the office is to maximize its profits. The model is a pessi- 
mistic one since the aim of the market is not the mini- 
mization of the profits of the life office. 


E. Lukacs (Washington, D.C.) 


1454: 

Raillard, Georges. Remarque sur les assurances en cas 
de décés sur deux tétes. Bull. Trimest. Inst. Actuaires 
Frang. 70 (1959), 273-278. 

Bemerkungen betreffend die der Primie fiir 
eine Todesfallsumme auf zwei Leben. W. Sazer (Ziirich) 


1455: 

Nowlin, Paul W. Insufficient premiums. Soc. Actuar. 
Trans. 11 (1959), no. 3, 100-113. 

Der Verf. diskutiert fiir einen Versiche- 
rungsplan die Frage, nach welcher Zeit eine Versicherungs- 
gesellschaft Konkurs machen miisse unter der Voraus- 
setzung, dass ungentigende Primien bezahlt werden 
(nicht dem Aequivalenzprinzip geniigend), dass hingegen 
Jahr fiir Jahr ein bestimmter Neuzuwachs stattfinde. 
Numerische Berechnungen ergiinzen die theoretische 
Diskussion. W. Sazxer (Ziirich) 


1456: 

Iff, Paul. Zur Darstellung versicherungstechnischer 
Werte durch Reihen. Mitt. Verein. Schweiz. Versich.- 
Math. 59 (1959), 227-240 (French, Italian and English 
summaries) 

In life insurance mathematics, sums or integrals of a 
product of two functions are developed in a series as one 
factor is expressed by the Taylor formula and the 
moments then occurring are transferred into repeated 
sums or integrals of the other factor. 

The degree of approximation is given for some practical 
cases. P. Johansen (Copenhagen) 


1457: 
Madansky, Albert. Inequalities : 
problems. Management Sci. 6 (1959/60), 
197-204. 


A linear programming problem is as follows. Minimize 
with respect to the elements of the vectors x and y, 
c'x + f'y under the conditions that Ax + By=b, x20, y2 0. 
Let C(b, x)=miny (c’x + f’y) under the conditions stated. 
Then minz C(b, z) is a convex and continuous function 
of b. Define by C(Hb, Z(Hb)) = min; C(£b, x), if the 
elements of the vector b are random variables and FE 
denotes mathematical expectation. The main theorem : 


EC(b, %(£b)) = ming EO(b, z) 
2 Emin, O(b, xz) 2 minz z). 


Using his theory of moment spaces of multivariate distri- 
butions [Ann. Math. Statist. 30 (1959), 743-746; MR 21 
#6062] the author establishes bounds for Z min, C(b, x) 
for the case where the elements of the vector b are inde- 
pendent or dependent random variables. 

G. Tintner (Calcutta) 


1458: 
Talacko, J. On stochastic linear inequalities. Tra- 
bajos Estadist. 10 (1959), 89-112. (Spanish summary) 


1459: 

Hanner, Olof. A of coin distribution. Nor- 
disk Mat. Tidskr. 7 (1959), 77-80, 96. (Swedish. English 
summary) 

Author’s summary : “We seek a collection of coins with 
the following properties: (1) Each coin is smaller than the 
sum of the remaining coins. (2) It is impossible to distri- 
bute the coins between three persons in such a way that 
each person gets less than the two other persons together. — 
Clearly a collection of 4 equal coins satisfies the conditions, 
and it is shown that this is the only type of collection with 
the given properties. The coin problem is closely related 
to an intersection problem for convex polyhedra, treated 
by the author in Math. Scand. 4 (1956), 65-87 [MR 18, 
595}.”” S. W. Golomb (Pasadena, Calif.) 


1460: 


Malinvaud, Edmond. Programmes d’ 
d@intérét. Econometrica 27 (1959), 215-227. 

The author considers open von Neumann models in 
which final demand is proportional to the volume of 
activity, defined as an arbitrarily weighted sum of the 
activity in the various processes. An expansion programme 
is one in which both final demands and activity levels grow 
at a constant rate; it is maximal if no higher rate of 
growth can be sustained, efficient if no higher final demand 
can be. The author shows by a counterexample that the 
two concepts are not equivalent in general; they are 
equivalent when the weights given to the different 
activity levels are proportional to the costs of their inputs. 

The rate of interest is shown to be S the rate of growth 
according as the value of final demand is 50, that is as 


et taux 


loss functions. Management Sci. 6 (1959/60), 1-12. 

The author considers a class of scheduling problems in 
which different types of items have different deadlines, 
and different loss functions associated with failure to 
meet these deadlines. A number of special cases of the 
general problem are considered. 

R. E. Bellman (Santa Monica, Calif.) 


1462: 

Roitenberg, Ya. N. Some problems of the my Od of 
dynamic programming. Prikl. Mat. Meh. 23 (1959), 656- 

665 (Russian); translated as J. Appl. Math. Mech. 23, 
943-955. 

The author considers the problem of determining the 
forcing vector g(t) so as to ensure that the solution 
F(D)y= p(t) +4(t), where p(t) is a prescribed function of 
time, will have a given form as a function of t. He shows 
that the solution can be obtained readily by means of the 
computational solution of a system of linear differential 
equations. R. E. Bellman (Santa Monica, Calif.) 


1463: 

Vorob’ev, N. N.; Romanovskii, I. V. Games with for- 
bidden situations. Vestnik Leningrad. Univ. 14 (1959), 
no. 7, 50-54. (Russian. English summary) 

A game with forbidden situations is a game in which the 
simultaneous use of certain pure strategies by the different 
players is forbidden. The normal form of such a zero-sum 
two-person game I’ may be represented by an mxn 
matrix, where numbers K(i, j) stand in a certain set M of 
the mn cells and the cells in the complementary set N (cor- 
responding to the forbidden situations) are empty. By 
filling the empty cells with values ¢(i,j) we obtain an 
extension I, of [ to an ordinary zero-sum two-person 
game. If » equals a constant ¢ over N, the extension is 
Let v, be the value of a number =z is 
called a value of I’ if v2 =2. The set of all such x is denoted 
by V[I']. Let 7'-(¢) be the set of optimal (mixed) strategies 
of player i (i= 1, 2) for the game I’,. The following results 
are proved. (I) VIF} i is non-empty, connected and closed. 
(IL) inf — oo [sup V[I']= 00] if and only if N con- 
tains a whole column [row]. (III) Let 2, V[T],z1<22, 
nem 0. (IV) If minymax; K(i,j) <max;min, K(i,j), 

then V[I'] contains more than s number. (This sufficient 
condition is not a necessary one.) 
A. Dvoretzky (Jerusalem) 


1464: 

Hanani, Haim. A of the Banach and 
Mazur game. Trans. Amer. Math. Soc. 94 (1960), 86-102. 

Let {km} be a given non-decreasing sequence of positive 
ately choose positive numbers (n= 0, 1, - - -), B choosing 
tho tems with oven end Ai these with odd, subject 
to the inequalities 0 <Zan-2 and 0 
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A wins if > z; belongs to a given set S C[0, 00), otherwise 
B wins. S is called unavoidable if there exists a winni 
strategy for A. The game G{km} is defined similarly, with 
the additional conditions z» < 1 and SC[0, 1]. Theorems: 
For each game G{k»} there exists an unavoidable nowhere 
dense perfect set S. For G{km} there exists a perfect un- 
poe set of measure zero if and only if > 1/km= 00. 
Given G{km}, the infimum of the measures of perfect un- 
avoidable sets is II(1—1/(k;+1)). If 8 is unavoidable for 
every game O{km} [or G{km}] then S is of second category 
at each point of [0, 1] [or of [M, oo) for some M20]. A 
non-trivial example of such a universally unavoidable set, 
whose complement is a countable union of perfect sets 
and is dense in [0, 0), is constructed. 

J.C. Oxtoby (Bryn Mawr, Pa.) 


BIOLOGY AND SOCIOLOGY 
See also A675, A968. 


1465: 

DeGroot, Morris H.; Li, C. C. Simplified method of 
estimating the MNS gene frequencies. Ann. Human 
Genetics 24, 109-115 (1960). 


1466: 

Harary, Frank; Ross, Ian C. A procedure for clique 
detection using the group matrix. Sociometry 20 (1957), 
205-215. 

Given a set of elements (“persons” in sociometric 
terminology) and a binary relation which either obtains 
or does not obtain in each ordered pair of persons, a clique, 
in the author’s definition, is a maximal subset among all 
of whose members the relation obtains. Contribution is 
made to the problem of systematic identification of all the 
cliques in a given set. The following result is proved on the 
existence of “unicliqual” elements, that is, elements be- 
longing to exactly one clique: If a group (set of persons) 
has exactly three cliques, then at least two of those cliques 
have unicliqual persons. With the aid of this theorem and 
a simple method of eliminating non-cliqual persons (be- 
longing to no clique), the author then constructs an al- 
gorithm for detecting all the cliques in groups containing 
three cliques or fewer, which depends on the identification 
of unicliqual persons. If the group has more than three 
cliques, the existence of unicliqual persons is not guaran- 
teed. The general case is then treated by an inductive 
method which reduces the problem to the preceding one. 

A. Rapoport (Ann Arbor, Mich.) 


1467: 

Faverge, J. M. L’étude des comparaisons subjectives. 
Cahiers Centre Etudes Rech. Oper. no. 4 (1959), 45-59. 

A short survey of some recent work in the theory of 
choice, oriented towards possible applications. The 
author suggests that intransit:vities are frequently due to 
the subject switching from one ‘dominant’ criterion to 
another among a set of criteria which underlie all his 
choices. He shows that a utility function exists for a two- 
dimensional lexicographic ordering if only rational 
abscissae are permitted. |W. M. Gorman (Birmingham) 
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1468: 

Linden, D. A.; Abramson, N. M. A generalization of 
the sampling theorem. Information and Control 3 (1960), 
26-31. 

The Cauchy - Whittaker - Nyquist -Shannon - Kotélnikov 
sampling theorem (for functions band limited to (— W, W)) 
is generalized to allow reconstruction from values of the 
function and its first R derivatives, taken at equally 
spaced sampling points (R+1)/2W apart. The proof de- 
pends on an ingenious identity resembling Taylor’s series 
without a remainder term. 

V. Bene& (Murray Hill, N.J.) 


1469: 

Locquin, Marcel. Identification d’une structure complexe 
dans une collection. C. R. Acad. Sci. Paris 250 (1960), 
659-660. 

Résumé de l’auteur: “Comparaison de la structure re- 
cherchée avec sa complémentaire et détection globale de 
celle-ci grace & l’uniformité du signal spatial récultant. 
Applications 4 la documentation : les eccetrons.” 


1470: 

Melas, C. M. A new group of codes for correction of 
dependent errors in data transmission. IBM J. Res. 
Develop. 4 (1960), 58-65. 

Author’s summary : “Multiple related errors of any con- 
figuration can be automatically corrected by a class of 
codes having the property of using two groups of parity 
bits, one defining the error pattern, the other 
the location of the errors within the block. 

In particular, error bursts can be corrected with a mini- 
mum amount of redundancy. Because each parity-bit 
group is derived by using maximum-length shift-register 
sequences, rather than by storing a decoding table, the 
implementation of these codes is relatively simple, as 
shown in an example of a three-bit-wide burst-correct- 
ing code. An example is given of an application of these 
codes in a data transmission system where only an even 
number of bits is likely to be corrupted by a noise burst.” 

R. W.: Hamming (Murray Hill, N.J.) 


1471: 

MacDonald, J. E. Design methods for maximum 
minimum-distance error-correcting codes. IBM. J. 
Res. Develop. 4 (1960), 43-57. 

The author’s conclusions : ‘After describing an alterna- 
tive upper bound on minimum distance to that given by 
Hamming, we have given complete construction methods 
for codes which achieve the upper bound. Such codes exist 
for any value of g (the desired number of code points) and 
an infinitely large class of integers n (the number of binary 
symbols per code point). The class of integers n for which 
eonstruction of maximum minimum-distance codes is 
achieved depends on the desired value of g. In all, sixteen 
different code types have been described and the appro- 
priate proof of the maximum minimum-distance property 
presented. Three code types are devoted to the case 


1 
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g=2h—1, six types to the case g= 2h, and seven types to 
the case g= 2*. It has been shown that these construction 
methods coincide only in a very few ial cases with the 
results of Hamming and those of Plotkin. The present 
results are thus complementary to the only previous con- 
tributions to the construction problem of which the author 
is aware.” R. W. Hamming (Murray Hill, N.J.) 


1472: 

Wax, Nelson. On upper 
error correcting codes of finite length. Trans. I.R.E. 
IT-5 (1959), 168-174. 

This paper finds upper bounds on the number of code 
points in error correcting codes based on “hard sphere” 
and on a “soft sphere” models. These are com with 
the usual Hamming model and are found to give better 
results in many cases. The best known codes are also 


Control 2 (1959), 214-225. 

This paper deals with the important problem of reducing 
storage requirements for binary probability distributions 
in computers. Instead of storing the nth order probability 
distribution P(x1, 72, ---,%,) it is proposed to store 
several lower order distributions which can be used to 
approximate P(x1, 2, ---,2,). The information content 
of a nth order probability distribution {P;} is defined to 
be Ip=n+)> P; loge P; and if {P;’} is an approximation 
then the nearness criterion is => P; loge Pr’). 
(Note that in general Ip_p’#Ip’—p.) Product approxima- 
tions are defined and their properties are studied in terms 
of Ip and Ip_p and a number of results are obtained in 
how to select the approximations. Some further applica- 
tions of these ideas have been given by D. T. Brown 
[see following review]. J. Hartmanis (Schenectady, N.Y.) 


1474: 

Brown, David T. A note on approximations to discrete 
probability distributions. Information and Control 2 
(1959), 386-392. 

Let 21, £2, 2%, be binary random variables and let 
{pi} be a set of lower order probability distributions, that 
is, p; is a joint probability distribution of some proper sub- 
set of the binary variables. The problem discussed in this 
paper is to construct the joint probability distribution 
p(x1, -+-, such that (1) it agrees with the distribu- 
tions of {p)} and (2) it has the maximal entropy of all dis- 
tributions satisfying condition one. An iterative pro- 
cedure for the construction of p(x1, Z2, - - -, 2,) is described 
in which the component distributions from {p;} are 
repeatedly used as multipliers. It is shown that at each 
step of the iterative procedure a probability distribution 
is obtained and that the convergence to the desired dis- 
tribution is uniform in the a measure defined by 
P. M. Lewis [see preceding review]. 

J. Hartmanis (Schenectady, N.Y.) 


approximately calculating convolution 

integrals of functions of finite energy is presented, amount- 
ing to first band-limiting the functions to a wide-enough 
band and then using a version of the sampling theorem. 
V. Beneé (Murray Hill, N.J.) 


1476: 

Levine, Jack. Some further methods in algebraic 
cryptography: J. Elisha Mitchell Sci. Soc. 74 (1958), 110- 

The methods described in this’ paper are polynomial 
division and synthetic division. The letters out of which 

messages are composed are supposed to form a ring 
(mod 26 for example). Having een in advance an 
— n and the key sequence aj, dg, ---, a: (such that 
a an inverse in the ring) then s message 91, 22 - ***. Dn 
can be changed to cipher by polynomial division : 


x + + - - + +x) 
the cipher being q1, ---, 71, The 


process has a unique inverse. 
The synthetic division algorithm needs only two pre- 
arranged numbers a and h. Then 


ax” + + + + Pa = 


The amount of work in making these conversions with 
the key is considerable. The author does not discuss what 


H. H. Campaigne (Jessup, Md.) 


particular 
ence to Russian. Harvard Monographs in Applied 
Science, No. 8. Harvard University Press, Cambridge, 
Mass., 1960. xix+380 pp. $10.00. 

The main contents of the book are the following: 1. A 
description of automatic data ing machines with 
particular reference to the UNIVAC. 2. An analysis of the 
various types of storage device and their applications in 
the field of automatic dictionary construction. 3. Notes on 
the nature and coding of the various signs used in lingu- 
istics. 4. Flow diagramming and automatic coding for 
computers. 5. General remarks on the problems involved 
in translation. 6. The various possible levels of automatic 
translation, from word-by-word to fully integrated with 
7. General 
notes on the Russian language. 8. The classification of 
Russian words. 9. The compilation of dictionaries. 10. The 
operation of automatic dictionaries. 11. Problems which 
arise in 9 and 10. 12. A study of the way in which an 
automatic dictionary can be made to form a part of a 
complete automatic translator. 13. A bibliography and an 
index. 


1475: 
T. F.M. Nomographic method 
determining signals at the output of linear filter systems. ; 
Izv. Akad. Nauk SSSR. Ser. Geofiz. 1959, 1604-1618. 
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The book deals mainly with the extensive work done at 
Harvard in the field of Russian and the method of dic- 
tionary construction adopted involves the 
sorting of text words into alphabetical order. This method 
is shown to be most appropriate when the storage medium 
is magnetic tape. The writing and production are excellent 
and the book can be thoroughly recommended to all 
workers in the field. A. D. Booth (London) 


SERVOMECHANISMS AND CONTROL 
See also A802, 1082. 


1478: 

H. H.; Menpruep, JI. B. 
TeOpHH yCTpOlicTB ABTOMATHYCCKOrO KOHTPOAA C HCHOAL- 
30BaHHeEM H30TONOB. [Sumilovskii, N. N.; 
and Mel’teer, L. V. Foundations of the theory of automatic 
control systems employing radioactive isotopes.) Akade- 
miya Nauk SSSR, Institut avtomatiki i telemehaniki. 
Izdat. Akad. Nauk SSSR, Moscow, 1959. 143 pp. 
6.40 rubles. 

A detailed and careful exposition of the theory of 
various types of controllers based on the use of radioactive 
isotopes. The text is addressed to physicists and engineers. 

L. A. Zadeh (Berkeley, Calif.) 


1479: 

Rozonoér, L. I. Sufficient conditions for 
Dokl. Akad. Nauk SSSR 127 (1959), 520-523. mrad 

Consider a system characterized by a vector differential 
equation @=f(z, u,t), where u=(w, ---,u,) represents 
the control vector. The f; (i= 1, - --, are assumed to be 
continuous in z, u, ¢ and have continuous partial deriv- 
atives of up to and including second order in z, u, t. The 
class of admissible control vectors is assumed to be the 
class of piecewise continuous vector functions u(t) ranging 
over some fixed closed set U € Rr. The problem is to find 
an optimal input we J which maximizes [minimizes] a 
given linear form S = 5?_, cya(7'), for fixed 7 and specified 
initial state 2(7'9)=2° at t=7'o. Using the ideas under- 
lying the “maximum principle” of Boltyanskii, Gam- 
krelidze, and Pontryagin [Dokl. Akad. Nauk SSSR 110 
(1956), 7-10; MR 18, 859), the author obtains sufficient 
conditions for the optimality of w. tomy =: Boltyan- 
skii and Gamkrelidze give only necessary conditions.) The 
main result for linear systems is relatively simple and can 
be summarized as follows. Define a Hamiltonian 
H(z, p,u,t) by H=%_; u,t) and consider the 
system (i=1,---,n). Let 
(x(t), p(t)) be solution of this system 

boundary conditions x;(7'o) = 24°, p(T’) = i=1, 
[maximize] S is that for each ¢ in [7'o, H(x(t), p(t), v(t)) 
regarded as a function of v(t) should attain its absolute 
maximum [minimum] for v(t) = u(t). 

L. A. Zadeh (Berkeley, Calif.) 


1480: 
Krasovskii, N. N. On the of control. 
Prikl. Mat. 23 (1959), 625-639 (Russian); translated 


equilibrium point in n-dimensional state space 

to a minimum-time criterion. The results are restricted to a 
system of n first order linear ordinary differential equations 
with n bounded driving functions. The theory of convex 
sets is used to establish the solution to the problem of 
finding the optimum driving functions as the solution of a 
set of nonlinear algebraic equations. The solution is written 
in a more general form than earlier results by Bellman 
et al. The computational aspects of the author’s solution 
are not clear. C. W. Merriam (Schenectady, N.Y.) 


1481: 

N.N. Sufficient conditions for opti i 
Prikl. Mat. Meh. 23 (1959), 592-594 (Russian) ; translated 
as J. Appl. Math. Mech. 23, 839-843. 


1482: 
Komarnickaya, 0. I. Stability of nonlinear automatic 
control Prikl. Mat. Meh. 23 (1959), 505-514 


(Russian) ; translated as J. Appl. Math. Mech. 23, 716-729. 

The author considers a class of stability problems which 
have been extensively investigated by Soviet mathe- 
maticians. Using Lyapunov’s second method in a way 
which was first suggested by Malkin, the author is able 
to obtain more general results, and to estimate regions of 
stability. R. E. Bellman (Santa Monica, Calif.) 


1483: 

Letov, A. M. Stability of an controlled 
bicycle moving on a horizontal plane. Prikl. Mat. Meh. 
23 (1959), 650-655 (Russian) ; translated as J. Appl. Math. 
Mech. 23, 934-942. 

The author discusses some stability problems arising 
from the control of a bicycle by a servo-motor. 

R. E. Bellman (Santa Monica, Calif.) 


1484: 

Lofgren, Lars. Solution to the realizability problem for 
irredundant Boolean branch-networks. J. Franklin Inst. 
268 (1959), 352-377. 

Let B be a Boolean function of a finite number of 
literals none of which are redundant in the sense of Quine 
[Amer. Math. Monthly 59 (1952), 521-531 ; 62 (1955), 627- 
631; 66 (1959), 755-760; MR 14, 440; 17, 814; 21 #7155). 
The author gives an efficient necessary and sufficient 
condition for a Boolean form of B to have a network with 
only one branch for each different literal. Then he extends 
the theory to consider the realizability problem for a 
~~ set of Boolean forms. 

The paper is a revision of a previous paper of Lofgren’s 
(Trans. I. of R. E. PGCT CT-6 Se 158-175]. 
A, A. Mullin (Urbana, 


1485: 

Dadda, Luigi. Le operazioni di Peirce e di Sheffer ed il 
Ist. Lombardo Accad. Sci. Lett. Rend. A 93 (1959), 565- 

584. 

In section 1 the author describes canonical forms for 
Boolean functions of n arguments with given truth tables, 
both disjunctive and conjunctive. Generalizations of 
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; ‘ as J. Appl. Math. Mech. 23, 899-919. 
The author treats the problem of achieving a desired 
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Peirce and Sheffer functions are defined. Section 2 dis- 
cusses the design of circuits using vacuum tubes and those 
using transistors that realize the binary Peirce and 
Sheffer functions. Canonical forms using the 
Peirce and Sheffer functions are introduced in section 3, 
and section 4 deals with techniques of transforming forms 
discussed earlier into these as well as with transformations 
of noncanonical forms. Duality of Peirce and Sheffer 
functions, similar to duality of disjunction and conjunc- 
tion given by De Morgan’s laws, is noted in section 5 and 
used in the transformation of a function into its comple- 
ment. Errata: p. 579, 1. 8: ‘simpolo’ should be ‘simbolo’ ; 
p. 583, lines 19 and 25: the complementation bar should 
extend over the entire left hand member. 

E. J. Cogan (Bronxville, N.Y.) 


1486 : 

Dadda, Luigi. Sulla nozione di dualita fra funzioni di 
commutazione. Ist. Lombardo Accad. Sci. Lett. Rend. 
A 98 (1959), 585-594. 

The author gives a full discussion of duality as it relates 
to the functions discussed in the paper reviewed above 
and shows that the number of levels in a minimal circuit 
realizing a given function, as well as its ‘cost’, are in- 
variant under the duality transformation. Here ‘cost’ may 
be defined either as the total number of inputs into organs 
realizing elementary functions in a given circuit or as the 
total number of such two input organs used. Errata: 
p. 591, line —3: the first occurrence of ‘*’ should be ‘’ ; 
p. 592, the occurrences of ‘p’ in the last two displayed 
formulas should be ‘g’. H.J. Cogan (Bronxville, N.Y.) 
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